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CHAPTER 1

Introduction to Control Systems

OBJECTIVES

After studying this chapter, you should be able to:

* Distinguish between open-loop and closed-loop control systems.
* Understand control system block diagrams.

 Explain transfer functions.

* Differentiate between analog and digital control systems.

* Know how process control systems work.

* Know how servomechanisms work.

INTRODUCTION

A control system is a collection of components working together under the direction of
some machine intelligence. In most cases, electronic circuits provide the intelligence,
and electromechanical components such as sensors and motors provide the interface to
the physical world. A good example is the modern automobile. Various sensors supply
the on-board computer with information about the engine’s condition. The computer
then calculates the precise amount of fuel to be injected into the engine and adjusts the
ignition timing. The mechanical parts of the system include the engine, transmission,
wheels, and so on. To design, diagnose, or repair these sophisticated systems, you must
understand the electronics, the mechanics, and control system principles.

In days past, so-called automatic machines or processes were controlled either by
analog electronic circuits, or circuits using switches, relays, and timers. Since the advent
of the inexpensive microprocessor, more and more devices and systems are being
redesigned to incorporate a microprocessor controller. Examples include copying
machines, soft-drink machines, robots, and industrial process controllers. Many of these
machines are taking advantage of the increased processing power that comes with the
microprocessor and, as a consequence, are becoming more sophisticated and are includ-
ing new features. Taking again the modern automobile as an example, the original moti-
vation for the on-board computer was to replace the mechanical and vacuum-driven
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subsystems used in the distributor and carburetor. Once a computer was in the design,
however, making the system more sophisticated was relatively easy—for example, self-
adjusting fuel/air ratio for changes in altitude. Also, features such as computer-assisted
engine diagnostics could be had without much additional cost. This trend toward com-
puterized control will no doubt continue in the future.

1.1 CONTROL SYSTEMS

Introduction and Background

In a modern control system, electronic intelligence controls some physical process.
Control systems are the “automatic” in such things as automatic pilot and automatic
washer. Because the machine itself is making the routine decisions, the human operator
is freed to do other things. In many cases, machine intelligence is better than direct human
control because it can react faster or slower (keep track of long-term slow changes),
respond more precisely, and maintain an accurate log of the system’s performance.

Control systems can be classified in several ways. A regulator system automati-
cally maintains a parameter at (or near) a specified value. An example of this is a home-
heating system maintaining a set temperature despite changing outside conditions. A
follow-up system causes an output to follow a set path that has been specified in
advance. An example is an industrial robot moving parts from place to place. An event
control system controls a sequential series of events. An example is a washing machine
cycling through a series of programmed steps.

Natural control systems have existed since the beginning of life. Consider how the
human body regulates temperature. If the body needs to heat itself, food calories are
converted to produce heat; on the other hand, evaporation causes cooling. Because evap-
oration is less effective (especially in humid climates), it is not surprising that our body
temperature (98.6°F) was set near the high end of Earth’s temperature spectrum (to
reduce demand on the cooling system). If temperature sensors in the body notice a drop
in temperature, they signal the body to burn more fuel. If the sensors indicate too high
a temperature, they signal the body to sweat.

Man-made control systems have existed in some form since the time of the ancient
Greeks. One interesting device described in the literature is a pool of water that could
never be emptied. The pool had a concealed float-ball and valve arrangement similar
to a toilet tank mechanism. When the water level lowered, the float dropped and opened
a valve that admitted more water.

Electrical control systems are a product of the twentieth century. Electromechanical
relays were developed and used for remote control of motors and devices. Relays and
switches were also used as simple logic gates to implement some intelligence. Using
vacuum-tube technology, significant development in control systems was made during
World War II. Dynamic position control systems (servomechanisms) were developed
for aircraft applications, gun turrets, and torpedoes. Today, position control systems are
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Figure 1.1
A block diagram of
a control system.

used in machine tools, industrial processes, robots, cars, and office machines, to name
a few.

Meanwhile, other developments in electronics were having an impact on control
system design. Solid-state devices started to replace the power relays in motor control
circuits. Transistors and integrated circuit operational amplifiers (IC op-amps) became
available for analog controllers. Digital integrated circuits replaced bulky relay logic.
Finally, and perhaps most significantly, the microprocessor allowed for the creation of
digital controllers that are inexpensive, reliable, able to control complex processes, and
adaptable (if the job changes, the controller can be reprogrammed).

The subject of control systems is really many subjects: electronics (both analog
and digital), power-control devices, sensors, motors, mechanics, and control system the-
ory, which ties together all these concepts. Many students find the subject of control
systems to be interesting because it deals with applications of much of the theory to
which they have already been exposed. In this text, we will present material in each
major subject area that makes up a control system, in more or less the same order that
they appear in a control system block diagram. Some readers may choose to skip over
(or lightly review) chapters that may be repetitious to them.

Finally, figures in this text use conventional current flow, current that travels from
the positive to the negative terminal. If you are familiar with electron flow, remember
that the theory and “numbers” are the same; only the indicated direction of the current
is opposite from what you are used to.

Every control system has (at least) a controller and an actuator (also called a final
control element). Shown in the block diagram in Figure 1.1, the controller is the intelli-
gence of the system and is usually electronic. The input to the controller is called the set
point, which is a signal representing the desired system output. The actuator is an electro-
mechanical device that takes the signal from the controller and converts it into some kind
of physical action. Examples of typical actuators would be an electric motor, an electri-
cally controlled valve, or a heating element. The last block in Figure 1.1 is labeled process
and has an output labeled controlled variable. The process block represents the physical
process being affected by the actuator, and the controlled variable is the measurable result
of that process. For example, if the actuator is an electric heating element in a furnace, then
the process is “heating the furnace,” and the controlled variable is the temperature in the
furnace. If the actuator is an electric motor that rotates an antenna, then the process is “rotat-
ing of the antenna,” and the controlled variable is the angular position of the antenna.

Actuator
Set | Controller | (final control || Process Controlled
point element) variable
(Desired (electronic (motor, heating (physical (measurable

result) intelligence) element, etc.) system) result)
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Open-Loop Control Systems

Control systems can be broadly divided into two categories: open- and closed-loop sys-
tems. In an open-loop control system, the controller independently calculates exact
voltage or current needed by the actuator to do the job and sends it. With this approach,
however, the controller never actually knows if the actuator did what it was supposed
to because there is no feedback. This system absolutely depends on the controller know-
ing the operating characteristics of the actuator.

EXAMPLE 1.1

Figure 1.2 shows an open-loop control system. The actuator is a motor driv-
ing a robot arm. In this case, the process is the arm moving, and the controlled
variable is the angular position of the arm. Earlier tests have shown that the
motor rotates the arm at 5 degrees/second (deg/s) at the rated voltage. Assume
that the controller is directed to move the arm from 0° to 30°. Knowing the
characteristics of the process, the controller sends a 6-second power pulse to
the motor. If the motor is acting properly, it will rotate exactly 30° in the 6 sec-
onds and stop. On particularly cold days, however, the lubricant is more vis-
cous (thicker), causing more internal friction, and the motor rotates only 25°
in the 6 seconds; the result is a 5° error. The controller has no way of know-
ing of the error and does nothing to correct it.

Figure 1.2 Set Actuat P Controlled
_ e ctuator rocess
Open-loop control system. point Controller (motor) (arm) > variable
(30°) (arm position)

(a) Block diagram

30° Electronic
control unit >

(b) A simple open-loop position system (Example 1.1)
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Figure 1.3
Closed-loop control system.

Open-loop control systems are appropriate in applications where the actions of the
actuator on the process are very repeatable and reliable. Relays and stepper motors (dis-
cussed in Chapters 4 and 8, respectively) are devices with reliable characteristics and
are usually open-loop operations. Actuators such as motors or flow valves are some-
times used in open-loop operations, but they must be calibrated and adjusted at regular
intervals to ensure proper system operation.

Closed-Loop Control Systems

In a closed-loop control system, the output of the process (controlled variable) is con-
stantly monitored by a sensor, as shown in Figure 1.3(a). The sensor samples the sys-
tem output and converts this measurement into an electric signal that it passes back to
the controller. Because the controller knows what the system is actually doing, it can
make any adjustments necessary to keep the output where it belongs. The signal from
the controller to the actuator is the forward path, and the signal from the sensor to the

Forward Path

Comparator
Set / Controlled
point /—\ Actuator Process variable
Controller (motor) (arm)
+ \ (position)
Error
Feedback Sensor
(potentiometer)
(a) Block diagram
Control unit
..................... )
Set* H
point H
30° i
1
: 00
..................... of
/
00

Feedback

*The set point is a Potentiometer

voltage that represents 30°

(b) A simple closed-loop position system (Example 1.2)
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controller is the feedback (which “closes” the loop). In Figure 1.3(a), the feedback sig-
nal is subtracted from the set point at the comparator (just ahead of the controller). By
subtracting the actual position (as reported by the sensor) from the desired position (as
defined by the set point), we get the system error. The error signal represents the dif-
ference between “where you are” and “where you want to be.” The controller is always
working to minimize this error signal. A zero error means that the output is exactly what
the set point says it should be.

Using a control strategy, which can be simple or complex, the controller mini-
mizes the error. A simple control strategy would enable the controller to turn the actu-
ator on or off—for example, a thermostat cycling a furnace on and off to maintain a
certain temperature. A more complex control strategy would let the controller adjust
the actuator force to meet the demand of the load, as described in Example 1.2.

EXAMPLE 1.2

As an example of a closed-loop control system, consider again the robot arm
resting at 0° [see Figure 1.3(b)]. This time a potentiometer (pot) has been con-
nected directly to the motor shaft. As the shaft turns, the pot resistance changes.
The resistance is converted to voltage and then fed back to the controller.

To command the arm to 30°, a set-point voltage corresponding to 30° is
sent to the controller. Because the actual arm is still resting at 0°, the error sig-
nal “jumps up” to 30°. Immediately, the controller starts to drive the motor in
a direction to reduce the error. As the arm approaches 30°, the controller slows
the motor; when the arm finally reaches 30°, the motor stops. If at some later
time, an external force moves the arm off the 30° mark, the error signal would
reappear, and the motor would again drive the arm to the 30° position.

The self-correcting feature of closed-loop control makes it preferable over open-loop
control in many applications, despite the additional hardware required. This is because
closed-loop systems provide reliable, repeatable performance even when the system com-
ponents themselves (in the forward path) are not absolutely repeatable or precisely known.

Transfer Functions

Physically, a control system is a collection of components and circuits connected
together to perform a useful function. Each component in the system converts energy

from one form to another; for example, we might think of a temperature sensor as con-

verting degrees to volts or a motor as converting volts to revolutions per minute. To
describe the performance of the entire control system, we must have some common lan-
guage so that we can calculate the combined effects of the different components in the
system. This need is behind the transfer function concept.
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A transfer function (TF) is a mathematical relationship between the input and out-
put of a control system component. Specifically, the transfer function is defined as the
output divided by the input, expressed as

output
== (1.1)
input
Technically, the transfer function must describe both the time-dependent and the steady-
state characteristics of a component. For example, a motor may have an initial surge of
current that levels off at a lower steady-state value. The mathematics necessary to
account for the time-dependent performance is beyond the scope of this text. In this
text, we will consider only steady-state values for the transfer function, which is some-
times called simply the gain, expressed as
steady-state output

steady-state — S = steady-state input

TF (1.2)

EXAMPLE 1.3

A potentiometer is used as a position sensor [see Figure 1.3(b)]. The pot is
configured in such a way that 0° of rotation yields 0 V and 300° yields 10 V.
Find the transfer function of the pot.

SOLUTION

The transfer function is output divided by input. In this case, the input to the
pot is “position in degrees,” and output is volts:

output 10V
= —input =300° = 0.0333 V/deg

The transfer function of a component is an extremely useful number. It allows
you to calculate the output of a component if you know the input. The procedure
is simply to multiply the transfer function by the input, as shown in Example 1.4.

EXAMPLE 14

For a temperature-measuring sensor, the input is temperature, and the output is
voltage. The sensor transfer function is given as 0.01 V/deg. Find the sensor-
output voltage if the temperature is 600°F.

SOLUTION
output
KTF=""_"—

input * then Output = input X TF

600° x 0.01 V
= e OV
€g
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Figure 1.4

A series of transfer
functions reduced
to a single tranfer

function.

TR =TF X TF,x TF3

— TF TF, TF, TFot

(a)

Individual transfer functions (b) Combined transfer function

As mentioned previously, transfer functions can be used to analyze an entire system of
components. One common situation involves a series of components where the output
of one component becomes the input to the next and each component has its own trans-
fer function. Figure 1.4(a) shows the block diagram for this situation. This diagram can
be reduced into a single block that has a TF, , which is the product of all the individual
transfer functions. This concept is illustrated in Figure 1.4(b) and stated in Equation 1.3:*

TF,, = system gain = TF, X TF, X TF; X . .. (1.3)

where

TF,, = total steady-state transfer function for the entire
(open-loop) system

TF,, TF,, . . . = individual transfer functions

These concepts are explained in Example 1.5.

EXAMPLE 1.5

Consider the system shown in Figure 1.5. It consists of an electric motor driv-
ing a gear train, which is driving a winch. Each component has its own char-
acteristics: The motor (under these conditions) turns at 100 rpm,, for each volt
(V) supplied; the output shaft of the gear train rotates at one-half of the motor

*Equation 1.3 is for open-loop systems only. If there is a feedback path (as shown in the accompa-
nying diagram), then the overall system gain can be calculated as follows: TF, , = G/(1 + GH), where
G is the total gain of the forward path and H is the total gain of the feedback path.

+
IN G ouT
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speed; the winch (with a 3-inch shaft circumference) converts the rotary
motion (rpm, ) to linear speed. The individual transfer functions are given as

follows:
output 100 rpm,,
Motor: TF, = input = 1V, 100 rpm, /V
) output 1 rpm,,
Gear train: TF = input =4 pm =0.5 rpm /rpm,

. output 3 in./min
Winch: TF =", =
w ™ input I rpm,

=3 in./min/rpm

Using Equation 1.3, we can calculate the system transfer function. If every-
thing is correct, all units will cancel except for the desired set:

Figure 1.5 i' """"""" '
A system with three transfer : Gear !
functions (Example 1.5). 1 1 e .
y TF, = S rpm,, i i Winch i
: 9 rpmg, : : Inc :
I 1 I . . I
1 b ! 1 _ 3in/min 1
: b i : TFW = 7rpmw :
1 : 1 rom : :
i "o i : &= @(«(«(«(«(«C@ :
I 1
1 1 1 1
i TFm = 100 PMm E : i ' 1 :
1 Vm 1 : 1 : :
1 i . s | .
1 1 1 1
1 - ! |
i ' ! I
Vp, —> @ : Velocity
1 rom ! (inches/minute)
l ; Phm :
: : : : J
i ' H I U
L e ! (.
Volts Motor rpmy Gears rom,, Winch Velocity
TF, TF, TF,
Volts System Velocity
TFot
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TF,, =TF, xTF, X TF

100 rpm,, 0.5rpm, 3 in./min
| A\ o rpm, o tpm,,
=150 in./min/V

We have shown that the transfer function of the complete system is 150
in./min/V . Knowing this value, we can calculate the system output for any
system input. For example, if the input to the this system is 12 V (to the motor),
the output speed of the winch is calculated as follows:

i 12 V x 150 in./min . .
Output = input X TF = v = 1800 in./min

1.2 ANALOG AND DIGITAL CONTROL SYSTEMS

In an analog control system, the controller consists of traditional analog devices and
circuits, that is, linear amplifiers. The first control systems were analog because it was
the only available technology. In the analog control system, any change in either set
point or feedback is sensed immediately, and the amplifiers adjust their output (to the
actuator) accordingly.

In a digital control system, the controller uses a digital circuit. In most cases, this cir-
cuit is actually a computer, usually microprocessor- or microcontroller-based. The com-
puter executes a program that repeats over-and-over (each repetition is called an iteration
or scan). The program instructs the computer to read the set point and sensor data and then
use these numbers to calculate the controller output (which is sent to the actuator). The
program then loops back to the beginning and starts over again. The total time for one pass
through the program may be less than 1 millisecond (ms). The digital system only “looks”
at the inputs at a certain time in the scan and gives the updated output later. If an input
changes just after the computer looked at it, that change will remain undetected until the
next time through the scan. This is fundamentally different than the analog system, which
is continuous and responds immediately to any changes. However, for most digital control
systems, the scan time is so short compared with the response time of the process being
controlled that, for all practical purposes, the controller response is instantaneous.

The physical world is basically an “analog place.” Natural events take time to hap-
pen, and they usually move in a continuous fashion from one position to the next.
Therefore, most control systems are controlling analog processes. This means that, in
many cases, the digital control system must first convert real-world analog input data
into digital form before it can be used. Similarly, the output from the digital controller
must be converted from digital form back into analog form. Figure 1.6 shows a block
diagram of a digital closed-loop control system. Notice the two additional blocks: the
digital-to-analog converter (DAC) and the analog-to-digital converter (ADC). (These
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Digital data Analog data
Set Controlled
point Controller / / variable
EE——— (digital) DAC Actuator Process
Analog data

Figure 1.6 Digital data \
Block diagram of a digital /
closed-loop control system. ADC Sensor

(Note: A digital actuator,
such as a stepper motor,
would not need a DAC;
similarly, a digital sensor,
such as an optical shaft
encoder, would not need
an ADC.)

devices, which convert data between the digital and analog formats, are discussed in
Chapter 2.) Also note that the feedback line is shown going directly into the controller.
This emphasizes the fact that the computer, not a separate subtraction circuit, makes
the comparison between the set point and the feedback signal.

Figure 1.7
A closed-loop oven-heating
system.

1.3 CLASSIFICATIONS OF CONTROL SYSTEMS

So far we have discussed control systems as being either open or closed loop, analog
or digital. Yet we can classify control systems in other ways, which have to do with
applications. Some of the most common applications are discussed next.

Process Control

Process control refers to a control system that oversees some industrial process so that
a uniform, correct output is maintained. It does this by monitoring and adjusting the
control parameters (such as temperature or flow rate) to ensure that the output product
remains as it should.

The classic example of process control is a closed-loop system maintaining a
specified temperature in an electric oven, as illustrated in Figure 1.7. In this case, the

Controller '__________O_V_e_n _________
Set i ! Heating
point I I element
(desired 1+ N\ ! (Actual
temperature) | ] SN

1
1
1
1
1
1
1
temperature) ]
1
1
1
1
1
1
1
Thermocouple i
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actuator is the heating element, the controlled variable is the temperature, and the
sensor is a thermocouple (a device that converts temperature into voltage). The con-
troller regulates power to the heating element in such a way as to keep the temperature
(as reported by the thermocouple) at the value specified by the set point.

Another example of process control is a paint factory in which two colors, blue
and yellow, are mixed to produce green (Figure 1.8). To keep the output color con-
stant, the exact proportions of blue and yellow must be maintained. The setup illus-
trated in Figure 1.8(a) accomplishes this with flow valves 1 and 2, which are
manually adjusted until the desired hue of green is achieved. The problem is that, as
the level of paint in the vats changes, the flow will change and the mixture will not
remain constant.

To maintain an even flow from the vats, we could add two electrically operated
flow valves (and their controls) as shown in Figure 1.8(b). Each valve would maintain
a specified flow of paint into the mixer, regardless of the upstream pressure.
Theoretically, if the blue and yellow flows are independently maintained, the green
should stay constant. In practice, however, other factors such as temperature or humid-
ity may affect the mixing chemistry and therefore the output color.

A better approach might be the system shown in Figure 1.8(c); a single sensor
monitors the output color. If the green darkens, the controller increases the flow of
yellow. If the green gets too light, the flow of yellow is decreased. This system is
desirable because it monitors the actual parameter that needs to be maintained. In
real life, such a straightforward system may not be possible because sensors that
can measure the output directly may not exist and/or the process may involve many
variables.

Process control can be classified as being a batch process or a continuous process.
In a continuous process there is a continuous flow of material or product, as in the
paint-mixing example just described. A batch process has a beginning and an end
(which is usually performed over and over). Examples of batch processes include mix-
ing a batch of bread dough and loading boxes on a pallet.

In a large plant such as a refinery, many processes are occurring simultaneously
and must be coordinated because the output of one process is the input of another. In
the early days of process control, separate independent controllers were used for each
process, as shown in Figure 1.9(a). The problem with this approach was that, to change
the overall flow of the product, each controller had to be readjusted manually.

In the 1960s, a new system was developed in which all independent controllers
were replaced by a single large computer. Illustrated in Figure 1.9(b), this system is
called direct digital control (DDC). The advantage of this approach is that all local
processes can be implemented, monitored, and adjusted from the same place. Also,
because the computer can “see” the whole system, it is in a position to make adjust-
ments to enhance total system performance. The drawback is that the whole plant is
dependent on that one computer. If the computer goes off line to fix a problem in one
process, the whole plant shuts down.
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Figure 1.8
Process control in / Flow valve 1
mixing paint.

—> —>
% —> —> : } Green
—> —>
\ Flow valve 2

(a) Manual control

Flow sensor

__D__  P—— —> : }Green
j
—> —>

Flow sensor

Flow valve

(b) Automatic flow control

— — Color sensor

(c) Automatic color control
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Figure 1.9
Approaches of multiprocess
control.

Controller Controller Controller
Local Local Local
—> ——
process 1 process 2 process 3

(a) Individual local controllers

Computer
(acting as three
controllers)

I N B

Local Local Local
process 1 process 2 process 3

(b) Direct computer control of three processes

/ Controller Controller Controller

Supervisory
Computer

Local Local Local
process 1 process 2 process 3

(c) Distributed computer control using local controllers

The advent of small microprocessor-based controllers has led to a new approach
called distributed computer control (DCC), illustrated in Figure 1.9(c). In this sys-
tem, each process has its own separate controller located at the site. These local con-
trollers are interconnected via a local area network so that all controllers on the network
can be monitored or reprogrammed from a single supervisory computer. Once pro-
grammed, each process is essentially operating independently.

This makes for a more robust and safe system, because all the local processes
will continue to function even if the supervisory computer or network goes down.
For example, a local controller whose job it is to keep some material at a critical
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Figure 1.10
Timing diagram for an
automatic washing machine.

temperature will continue to function even if the supervisory computer is temporarly
disabled.

Increasingly, the components of a control system are being interconnected with the
“business office” network in a factory, which allows the status of any process in the fac-
tory to be examined by any computer on anyone’s desk. You might be able to sit down
at a PC anywhere in the building and determine whether a particular photo sensor on
an assembly line has a dirty lens or how much current a particular motor is drawing.

Sequentially Controlled Systems

A sequentially controlled system controls a process that is defined as a series of tasks
to be performed—that is, a sequence of operations, one after the other. Each operation
in the sequence is performed either for a certain amount of time, in which case it is
time-driven, or until the task is finished (as indicated by, say, a limit switch), in which
case it is event-driven. A time-driven sequence is open-loop because there is no feed-
back, whereas an event-driven task is closed-loop because a feedback signal is required
to specify when the task is finished.

The classic example of a sequentially controlled system is the automatic washing
machine. The first event in the wash cycle is to fill the tub. This is an event-driven task
because the water is admitted until it gets to the proper level as indicated by a float and
limit switch (closed loop). The next two tasks, wash and spin-drain, are each done for
a specified period of time and are time-driven events (open loop). A timing diagram for
a washing machine is shown in Figure 1.10.

Another example of a sequentially controlled system is a traffic signal. The basic
sequence may be time-driven: 45 seconds for green, 3 seconds for yellow, and 45 sec-
onds for red. The presence or absence of traffic, as indicated by sensors in the roadbed,
however, may alter the basic sequence, which is an event-driven control.

Many automated industrial processes could be classified as sequentially controlled
systems. An example is a process where parts are loaded into trays, inserted into a fur-
nace for 10 minutes, then removed and cooled for 10 minutes, and loaded into boxes in
groups of six. In the past, most sequentially controlled systems used switches, relays, and
electromechanical timers to implement the control logic. These tasks are now performed

Action Sequence
Fill . [ ]
Agitate I [
Drain [ |
Spin [ |

0 5 10 15 20 25 30 35 40
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Figure 1.11

A servomechanism:
a remote antenna-
positioning system.

more and more by small computers known as programmable logic controllers (PLCs),
which are less expensive, more reliable, and easily reprogrammed to meet changing
needs—for example, to put eight items in a box instead of six. (PLCs are discussed in
Chapter 12.)

Motion Control

Motion control is a broad term used to describe an open-loop or closed-loop electro-
mechanical system wherein things are moving. Such a system typically includes a
motor, mechanical parts that move, and (in many cases) feedback sensor(s). Automatic
assembling machines, industrial robots, and numerical control machines are examples.

Servomechanisms

Servomechanism is the traditional term applied to describe a closed-loop electro-
mechanical control system that directs the precise movement of a physical object such
as a radar antenna or robot arm. Typically, either the output position or the output veloc-
ity (or both) is controlled. An example of a servomechanism is the positioning system
for a radar antenna, as shown in Figure 1.11. In this case, the controlled variable is the
antenna position. The antenna is rotated with an electric motor connected to the con-
troller located some distance away. The user selects a direction, and the controller
directs the antenna to rotate to a specific position.

Position sensor —

Control panel

Controller
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Figure 1.12
Basics of a numerical-
control milling machine.

Numerical Control

Numerical control (NC) is the type of digital control used on machine tools such as
lathes and milling machines. These machines can automatically cut and shape the work-
piece without a human operator. Each machine has its own set of axes or parameters
that must be controlled; as an example, consider the milling machine shown in Figure
1.12. The workpiece that is being formed is fastened to a movable table. The table can
be moved (with electric motors) in three directions: X, Y, and Z. The cutting-tool speed
is automatically controlled as well. To make a part, the table moves the workpiece past
the cutting tool at a specified velocity and cutting depth. In this example, four param-
eters (X, ¥, Z, and rpm) are continuously and independently controlled by the controller.
The controller takes as its input a series of numbers that completely describe how the
part is to be made. These numbers include the physical dimensions and such details as
cutting speeds and feed rates.

NC machines have been used since the 1960s, and certain standards that are
unique to this application have evolved. Traditionally, data from the part drawing were

Workpiece

/ Table

Motor
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Figure 1.13
A pick-and-place robot.

entered manually into a computer program. This program converted the input data
into a series of numbers and instructions that the NC controller could understand, and
either stored them on a floppy disk or tape, or sent the data directly to the machine
tool. These data were read by the machine-tool controller as the part was being made.
With the advent of computer-aided design (CAD), the job of manually program-
ming the manufacturing instructions has been eliminated. Now it is possible for a spe-
cial computer program (called a postprocessor) to read the CAD-generated drawing
and then produce the necessary instructions for the NC machine to make the part.
This whole process—from CAD to finished part—is called computer-aided manu-
facturing (CAM).

One big advantage of this process is that one machine tool can efficiently make many
different parts, one after the other. This system tends to reduce the need for a large parts
inventory. If the input tape (or software) is available, any needed part can be made in a
short period of time. This is one example of computer-integrated manufacturing (CIM),
a whole new way of doing things in the manufacturing industry. CIM involves using the
computer in every step of the manufacturing operation—from the customer order, to order-
ing the raw materials, to machining the part, to routing it to its final destination.

Robotics

Industrial robots are classic examples of position control systems. In most cases, the
robot has a single arm with shoulder, elbow, and wrist joints, as well as some kind of
hand known as an end effector. The end effector is either a gripper or other tool such
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Figure 1.14 Elbow
A large industrial robot. Extension

Arm Sweep

as a paint spray gun. Robots are used to move parts from place to place, assemble parts,
load and off-load NC machines, and perform such tasks as spray painting and welding.

Pick-and-place robots, the simplest type, pick up parts and place them somewhere
else nearby. Instead of using sophisticated feedback control, they are often run open-
loop using mechanical stops or limit switches (discussed in Chapter 4) to determine
how far in each direction to go (sometimes called a “bang-bang” system). An example
is shown in Figure 1.13. This robot uses pneumatic cylinders to lift, rotate, and extend
the arm. It can be programmed to repeat a simple sequence of operations.

Sophisticated robots use closed-loop position systems for all joints. An example is
the industrial robot shown in Figure 1.14. It has six independently controlled axes (known
as six degrees of freedom) allowing it to get to difficult-to-reach places. The robot comes
with and is controlled by a dedicated computer-based controller. This unit is also capa-
ble of translating human instructions into the robot program during the “teaching” phase.
The arm can move from point to point at a specified velocity and arrive within a few
thousandths of an inch.

SUMMARY

A control system is a system where electronic intelligence controls some physical
process. This text will deal with all phases of the control system: the electronics, the
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power sources (such as motors), the mechanics, and control system theory, which ties
together all the concepts.

A control system is described in terms of a block diagram. The first block is the
controller, which represents the electronic intelligence. The controller outputs a con-
trol signal to the next block, which is the actuator. The actuator is the system’s first
physical device to do something (for example, a motor or heating element).

There are two general categories of control systems: open loop and closed loop. In
open-loop control, the controller sends a measured signal, specifying the desired action,
to the actuator (the controller, however, has no way of knowing what the actuator actu-
ally does). Closed-loop control includes a sensor that feeds back a signal from the actu-
ator to the controller, informing the controller exactly what the output is doing. This
allows the controller to make correctional adjustments.

Each component in the control system can be described mathematically by a trans-
fer function (TF), where TF = output/input. Transfer functions of individual compo-
nents in a system can be mathematically combined to calculate overall system
performance. A true transfer function includes time-dependent and steady-state char-
acteristics, whereas a useful simplification (employed in this text) considers only steady-
state conditions.

Control systems are classified as analog or digital. In an analog control system, the
controller uses traditional analog electronic circuits such as linear amplifiers. In a dig-
ital control system, the controller uses a digital circuit, usually a computer.

Control systems are classified by application. Process control usually refers to an
industrial process being electronically controlled for the purpose of maintaining a uni-
form correct output. Motion control refers to a system wherein things move. A servo-
mechanism is a feedback control system that provides remote control motion of some
object, such as a robot arm or a radar antenna. A numerical control (NC) control sys-
tem directs a machine tool, such as a lathe, to machine a part automatically.

GLOSSARY

actuator The first component in the control system which generates physical move-
ment, typically a motor. The actuator gets its instructions directly from the controller.
Another name for the actuator is the final control element

analog control system A control system where the controller is based on analog
electronic circuits, that is, linear amplifiers.

batch process A process that has a beginning and an end and is usually preformed
over and over.

CAD See computer-aided design.

CAM See computer-aided manufacturing.
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CIM See computer-integrated manufacturing.

closed-loop control system A control system that uses feedback. A sensor contin-
ually monitors the output of the system and sends a signal to the controller, which
makes adjustments to keep the output within specification.

comparator Part of the control system that subtracts the feedback signal (as reported
by the sensor) from the set point, to determine the error.

computer-aided design A computer system that makes engineering drawings.

computer-aided manufacturing A computer system that allows CAD drawings to
be converted for use by a numerical control (NC) machine tool.

computer-integrated manufacturing A computer system that oversees every step
in the manufacturing process, from customer order to delivery of finished parts.

continuous process A process wherein there is a continuous flow of product—for
example, a steam boiler where water is continuously pumped in and steam continuously
comes out.

controlled variable The ultimate output of the process; the actual parameter of the
process that is being controlled.

controller The machine intelligence of the control system.

control strategy The set of rules that the controller follows to determine its output to
the actuator.

control system A system that may include electronic and mechanical components,
where some type of machine intelligence controls a physical process.

DCC See distributed computer control.
DDC See direct digital control.

digital control system A control system where the controller is a digital circuit, typ-
ically a computer.

direct digital control An approach to process control where all controllers in a large
process are simulated by a single computer.

distributed computer control An approach to process control where each process
has its own local controller, but all individual controllers are connected to a single com-
puter for programming and monitoring.

error In a control system, the difference between where the system is supposed to be
(set point) and where it really is.

event control system A control system that cycles through a predetermined series
of steps.
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event-driven operation In a sequentially controlled system, an action that is allowed
to start or continue based on some parameter changes. This is an example of closed-
loop control.

feedback The signal from the sensor, which is fed back to the controller.
follow-up system A control system where the output follows a specified path.
forward path The signal-flow direction of the controller to the actuator.

gain The steady-state relationship between input and output of a component. (In this text,
gain and transfer function are used interchangeably, although this is a simplification.)

iteration See scan.

motion control A term that refers to an electromechanical system wherein things
move.

NC See numerical control.

numerical control A digital control system that directs machine tools, such as a lathe,
to automatically machine a part.

open-loop control system A control system that does not use feedback. The con-
troller sends a measured signal to the actuator, which specifies the desired action. This
type of system is not self-correcting.

pick-and-place robot A simple robot that does a repetitive task of picking up and
placing an object somewhere else.

PLC See programmable logic controller.

programmable logic controller A small, self-contained microprocessor-based con-
troller used primarily to replace relay logic controllers.

process The physical process that is being controlled.

process control A control system that maintains a uniform, correct output for some
industrial process.

regulator system A control system that maintains an output at a constant value.

robot A servomechanism type control system in the form of a machine with a mov-
able arm.

scan One cycle through the program loop of a computer-based controller.

sensor Part of the control system that monitors the system output, the sensor converts
the physical output action of the system into an electric signal, which is fed back to the
controller.

sequentially controlled system A control system that performs a series of actions
in sequence, an example being a washing machine.
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servomechanism An electromechanical feedback control system where the output
is linear or rotational movement of a mechanical part.

set point The input signal to the control system, specifying the desired system output.

time-driven operation In a sequentially controlled system, an action that is allowed
to happen for a specified period of time. This is an example of open-loop control.

TF See transfer function.

transfer function A mathematical relationship between the input and output of a con-
trol system component: TF = output/input. (In this text, transfer function and gain are
used interchangeably, although this is a simplification.)

EXERCISES

Section 1.1

1. Draw a block diagram of an open-loop control system.
Use the block diagram to describe how the system works.
What basic requirements must the components meet for this system to work?

What is the advantage of this system over a closed-loop system?

Draw a block diagram of a closed-loop control system.
Use the block diagram to describe how the system works.
What is the advantage of this system over an open-loop system?

cCEFP 0 FPR

3. The controlled variable in a closed-loop system is a robot arm. Initially, it is at 45°;
then it is commanded to go to 30°. Describe what happens in terms of set point,
feedback signal, error signal, and arm position.

4. Identify the following as open- or closed-loop control.
a. Controlling the water height in a toilet tank
b. Actuation of street lights at 6 P.M.
c. Stopping a clothes dryer when the clothes are dry
d. Actuation of an ice maker when the supply of cubes is low

5. A potentiometer has a transfer function of 0.1 V/deg. Find the pot’s output if the
input is 45°.

6. A potentiometer has a transfer function of 0.05 V/deg. Find the pot’s output if the
input is 89°.

7. A motor was measured to rotate (unloaded) at 500 rpm with a 6-V input and 1000 rpm
with a 12-V input. What is the transfer function (steady state) for the unloaded motor?

8. In a certain system, an electric heating element was found to increase the temper-
ature of a piece of metal 10° for each ampere of current. The metal expands 0.001
in./deg and pushes on a load sensor which outputs 1 V/0.005 in. of compression.
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a. Find the transfer functions of the three components and draw the block diagram.
b. Calculate the overall transfer function of this system.

Section 1.2

9.
10.

Describe the differences between an analog and a digital control system

The iteration time of a digital controller is 1 s. Would this controller be appropri-
ate for the following?

a. A robot that paint sprays cars

b. A solar panel control system that tracks the sun across the sky

Section 1.3

11.
12.

13.

14.

What is the difference between a process control system and a servomechanism

What is the difference between direct digital control and distributed computer
control

Give an example (other than in this book) of the following:
a. A time-driven control system

b. An event-driven control system

¢. A combined time- and event-driven control system

Give an example (other than in this book) of a servomechanism.



CHAPTER 2

Introduction to Microprocessor-
Based Control

OBJECTIVES

After studying this chapter, you should be able to:

e Understand what a microprocessor is, what it does, and how it works.

e Understand the concepts of RAM and ROM computer memory and how
memory is accessed via the address and data buses.

e Understand how parallel and serial data interfaces work.

* Perform relevant calculations pertaining to analog-to-digital converters and
digital-to-analog converters.

* Understand the principles of digital controller software.

* Recognize and describe the characteristics of the various types of available
digital controllers, that is, microcontrollers, single-board computers, pro-
grammable logic controllers, and personal computers.

INTRODUCTION

The digital integrated circuit (IC) called a microprocessor [Figure 2.1(a)], has ushered
in a whole new era for control systems electronics. This revolution has occurred because
the microprocessor brings the flexibility of program control and the computational
power of a computer to bear on any problem. Automatic control applications are par-
ticularly well suited to take advantage of this technology, and microprocessor-based
control systems are rapidly replacing many older control systems based on analog cir-
cuits or electromechanical relays. One of the first microprocessor-based controllers
made specifically for control applications was the programmable logic controller (PLC),
which is discussed later in this chapter and in Chapter 12. A microprocessor by itself
is not a computer; additional components such as memory and input/output circuits are
required to make it operational. However, the microcontroller [Figure 2.1(b)], which is

25
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Figure 2.1
Microprocessor and
microcontroller.
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a close relative of the microprocessor, does contain all the computer functions on a sin-
gle IC. Microcontrollers lack some of the power and speed of the newer microproces-
sors, but their compactness is ideal for many control applications; most so-called
microprocessor-controlled devices, such as vending machines, are really using micro-
controllers. Some specific reasons for using a digital, microprocessor design in control
systems are the following:

* Low-level signals from sensors, once converted to digital, can be transmitted long
distances virtually error-free.

* A microprocessor can easily handle complex calculations and control strategies.

* Long-term memory is available to keep track of parameters in slow-moving systems.

* Changing the control strategy is easy by loading in a new program; no hardware
changes are required.

* Microprocessor-based controllers are more easily connected to the computer network
within an organization. This allows designers to enter program changes and read cur-
rent system status from their desk terminals.
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In this chapter, we will present the basic concepts of a microprocessor- and
microcontroller-based system with particular emphasis on control system applica-
tions. It is by no means an in-depth treatment, but enough to make the rest of the text
more meaningful.

In the first sections of this chapter the basic concepts of microprocessor hardware
and operation are introduced (these concepts also apply to microcontrollers). I have
included this material because the student of modern control systems should have at
least a general knowledge of how the microprocessor performs its job.

2.1 INTRODUCTION TO MICROPROCESSOR
SYSTEM HARDWARE

A computer is made up of four basic functional units: the central processing unit (CPU),
memory, input, and output (I/O). The central processing unit does the actual comput-
ing and is composed of two subparts: the arithmetic logic unit and control sections
(Figure 2.2). The arithmetic logic unit (ALU) performs the actual numerical and logic
calculations such as addition, subtraction, AND, OR, and so on. The control section of
the CPU manages the data flow, such as reading and executing the program instruc-
tions. If data require calculations, the control section hands it over to the ALU for pro-
cessing. In a microprocessor-based computer, the microprocessor is the CPU.

Figure 2.2

A block diagram of a
microprocessor-based
computer.
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Digital data is in the form of bits, where each bit has a value of either 1 or 0. Digital
circuits usually use 5 Vdc to represent logic 1 and 0 Vdc to represent logic 0. Eight bits
together is called a byte. A microprocessor handles digital data in words, where a word
may be 8, 16, or 32 bits wide. For example, an 8-bit microprocessor has a byte-sized
word, with a maximum decimal value of 255. (Computers represent numbers in the
binary number system; for example, 11111111 binary = 255 decimal.) The rightmost
bit in a binary number has the least value (usually 1) and is called the least significant
bit (LSB). The leftmost bit represents the highest value and is called the most signifi-
cant bit (MSB). The conversion between binary and decimal can be performed directly
with most scientific calculators or manually using the technique shown in Example 2.1.
To express values larger than 255, two or more words are put together. In this text, we
will assume 8-bit microprocessors are used unless otherwise stated.

EXAMPLE 2.1
Find the decimal value of the 8-bit binary number 10110011.

SOLUTION

Each bit in the binary number has a different value, or weight. The LSB has a
weight of 1. The bit to the left of the LSB has a weight of 2, the third bit has a
weight of 4, and so on, with the weight doubling for each bit up to 128 for the
MSB. To find the value of an 8-bit number, you can set up a chart (shown
below) and then sum the values that correspond to the 1s in the binary number.

MSB LSB
128 64 32 16 8 4 2 1 «— Bitweights
1 0 1 1 0 0 1 1 <«——— Binary number

L I1x1= 1
2x1= 2
4x0= 0

> 8x0= 0

> 16x1= 16

> 32x1= 32

> 64x0= 0

> 128 x1=128

+

179 decimal
number

The memory section of the computer is a place where digital data in binary form
(1s and 0Os) are stored. Memory consists of cells organized in 8-bit groups. Each byte
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Figure 2.3
A section of memory.

is given a unique numeric address, which represents its location just as a street address
represents the location of a house. Data are written into memory and read out of mem-
ory, based solely on their address. In a particular memory circuit, the addresses might
start at 1000 and run consecutively to 2000. Figure 2.3 diagrams a section of memory.
Note that the first byte of data has a decimal value of 2 (00000010 = 2 decimal) and an
address of 1000.

Computers usually have two kinds of addressable memory. The first is random-
access memory (RAM), which allows the computer to read and write data at any of its
addresses (it is also called read/write memory, or RWM). All data in this type of memory
are lost when the power is turned off and is called volatile memory (an exception is
designs where RAM is kept “alive” with a small battery). The second type of memory
is read-only memory (ROM), which is similar to RAM except that new data cannot be
written in; all data in ROM are loaded at the factory and cannot be changed by the com-
puter. This memory does not lose its data when power is turned off and is called non-
volatile memory. Most microprocessor systems have both RAM and ROM. RAM is
used for temporary program storage and as a temporary scratch-pad memory for the
CPU. ROM is used to store programs and data that need to be always available. Actually,
many computers use an EPROM (erasable programmable read-only memory) or an EEP-
ROM (electrically erasable programmable ROM) instead of a ROM for long-term mem-
ory. EPROMs can be erased with a strong UV light and reprogrammed. EEPROMs can
be erased and reprogrammed electrically. Disk drives also store digital data but in a form
that must be processed before they are accessible to the microprocessor.

The input/output (I/0) section of the computer allows it to interface with the out-
side world. The input section is the conduit through which new programs and data are
entered into the computer, and the output section allows the computer to communicate
its results. An I/O interface is called a port. An input port is a circuit that connects input
devices to the computer; examples of input devices are keyboards, sensors, and
switches. An output port is a circuit that connects the computer to output devices.
Examples of output devices are indicator lamps, actuators, and monitors. Input/output
is discussed in more detail in the next section.

Referring again to Figure 2.2, we see that the blocks are connected by three lines
labeled address bus, data bus, and control bus. The address bus is a group of wires that
carries an address (in binary form) from the CPU to the memory and I/O circuits. The

Address Data
1000 00000010
1001 01100100
1002 00000000
1003 01011100
1004 10011010

' '
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need for memory to receive addresses has already been discussed, but you may won-
der why I/O ports need addresses. It turns out that all I/O ports are assigned addresses
and are treated essentially like memory locations by the CPU. The CPU outputs data
to the outside world by sending them to a port address. When the circuitry of the des-
ignated output port detects its assigned address on the address bus, it opens and allows
data to pass from the data bus to whatever is connected to the port. There are two ways
that I/O addressing is done. Some microprocessors use what is called memory-mapped
input/output, where an I/O address is treated just like another memory address. Other
microprocessors treat I/O addresses completely separate from memory addresses.

The data bus is a group of eight wires that carries the actual numerical data from
place to place within the computer. Figure 2.2 shows how the data bus interconnects all
blocks. Data flow in both directions on the data bus. For example, input data enter
through the input port and proceed through the data bus to the CPU. If the CPU needs
to store these data, it will send them back through the data bus to memory. Data to be
outputted are sent (by the CPU) through the data bus to the output port. If the data bus
connects to all blocks, how do the data know which block to go to? The answer is the
address system. For example, when the CPU sends data to memory, it does it in two
steps: First, it puts the destination memory address on the address bus; second, it puts
the data on the data bus. When the designated memory detects its own address, it
“wakes up” and takes the data from the data bus. The other blocks connected to the
buses will ignore the whole sequence because they were not addressed. A good anal-
ogy here is the phone system, where the phone number is analogous to the memory
address. Even though thousands of phones may be connected to the system, when you
dial a number, only the designated phone rings. The beauty of the bus system is that it
is expandable. Memory or addressable 1/O units can be added to the system by simply
connecting them to the buses.

The control bus (see Figure 2.2) consists of timing and event-control signals from
the CPU. These signals are used to control the data flow on the data bus. For example,
one of the control signals is the read/write (R/W) line. This signal informs the mem-
ory if the CPU wishes to read existing data out of memory or write new data into mem-
ory. Non-memory-mapped machines have a memory-1/0 control line. This signal
informs the system if the current data exchange involves memory or an I/O port. In gen-
eral, the control bus is not as standardized as are the address and data buses.

2.2 INTRODUCTION TO MICROPROCESSOR
OPERATION

The microprocessor works by executing a program of instructions. Creating the pro-
gram is similar in concept to programming in BASIC, C, or any other high-level com-
puter language. Each type of microprocessor has its own instruction set, which is the
set of commands that it was designed to recognize and obey. Microprocessor instruc-
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Figure 2.4

The CPU uses an
accumulator and a
program counter to
execute a simple
program.

tions are very elemental and specific, and it usually takes more than one to accomplish
what a single, high-level language instruction would. Many microprocessor instructions
simply move data from one place to another within the computer; others perform math-
ematical or logic operations. Still another group of instructions control program flow,
such as jumping forward or backward in the program. Each instruction in the instruc-
tion set is assigned its own unique operation code, (which is typically 8 bits long and
referred to as the op-code). The CPU uses this 8-bit number to identify the instruction.

All microprocessors have at least one accumulator [Figure 2.4(a)], which is a data-
holding register in the CPU. The accumulator acts as a “staging area” for data. It is com-
mon for data coming to the CPU to go first to the accumulator, where it can be operated
on. Similarly, most data leaving the CPU exits from the accumulator. Mathematical
operations usually store the result in the accumulator. Many of the instructions involve
the accumulator in one way or another.

A machine language program is a list of instructions (in op-code form) for the
microprocessor to follow. Before the program can be executed, it must first be loaded
sequentially into memory. The op-code for the first instruction is loaded at the first
address location, the op-code for the second instruction is loaded next in line, and so on.

Figure 2.4(b) shows a section of memory with a short program loaded in. The pro-
gram listing includes the address, op-code, mnemonic, and a brief explanation. (A
mnemonic is an English abbreviation of an instruction. A program listing using only
mnemonics is called assembly language.) The program in Figure 2.4(b) directs the CPU
to get 1 byte of data from input port 01, add 1 to it, and send the result to output port 02.
Before execution can start, the address of the first instruction must be loaded into the
program counter. The program counter is a special address-storage register that the
CPU uses to keep track of where it is in the program, much like a bookmark. The pro-
gram counter always holds the address of the next instruction to be executed. Once the

cvu . Adr Instruction
E- i Op Code | Mnemonic Explanation
i Accumulator i 00 DB IN 01 } Get data from input port 01.
b | i 01 01
1 ' 02 3C INR A Increment accumulator.
i Program counter | 03 D3 OUT 02 } Send data to output port 02.
L 00 | 04 02
I i 05 76 HLT Halt.
G : 06
Op codes are for Intel 8085 in hexidecimal. In this case, hexidecimal is used
as a shorthand form of binary.
(a) Microprocessor (b) Example microprocessor program

registers
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microprocessor is activated, execution of the program is completely automatic. The exe-
cution process is a series of fetch-execute cycles, whereby the microprocessor first
fetches the instruction from memory and then executes it. The following are the specific
steps the microprocessor would go through to execute the program of Figure 2.4(b):

1. The microprocessor fetches the first instruction from memory. It knows where to
find the instruction because its address is in the program counter.

2. Once in the CPU, the op-code is decoded to see which instruction it is, then the
proper hardware is activated to execute this instruction. In the example program of
Figure 2.4(b), the first instruction (IN 01) is 2 bytes long. The first byte of the instruc-
tion is the op-code, telling the CPU to input data from a port. The second byte of the
instruction tells the CPU which port to read from. Exection of this instruction causes
data from input port 01 to travel along the data bus to the accumulator. Also, the pro-
gram counter advances to 02 (the address of the next instruction). Execution of the
first instruction is now complete.

3. The next fetch-execute cycle starts, this time fetching the instruction from address 02.
The new instruction (INR A) is “increment the accumulator,” so the accumulator is
sent to the ALU to be incremented (add 1) and the result put back in the accumula-
tor. The program counter advances to 03, which is the address of the next instruction.

4. The next fetch-execute cycle starts, this time fetching the instruction from address
03. The instruction (OUT 02) is executed, causing the accumulator data to be sent
to output port 02.

5. The final instruction is fetched. It is a “halt,” which causes the microprocessor to
cease operating and go into a wait mode.

2.3 INTERFACING TO A MICROPROCESSOR
CONTROLLER

An important part of any control system is the link between the controller and the real
world. For a digital controller, data enter and exit through a parallel interface or through
a serial interface. Both data formats are discussed next.

The Parallel Interface

The parallel interface transfers data 8 bits (or more) at the same time, using eight sep-
arate wires. It is essentially an extension of the data bus into the outside world. The
parallel interface is ideal for inputting or outputting data from devices that are either
on or off. For example, a single limit switch uses only one input bit, and an on-off sig-
nal to a motor requires only one output bit. These 1-bit signals are called logic vari-
ables, and eight such signals can be provided from a single (8-bit) port. This concept
will be expanded on later in this section.
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Figure 2.5

A digital-to-analog
converter (DAC)
block diagram.
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In other applications, the controller may use a parallel interface to connect to an
analog device—for example, driving a variable-speed DC motor. In such a case, the
binary output of the controller must first be converted into an analog voltage before it
can drive the motor. This operation is performed by a special circuit called a digital-to-
analog converter.

Digital-to-Analog Conversion

The digital-to-analog converter (DAC) is a circuit that converts a digital word into an
analog voltage. It is not within the scope of this text to describe the internal workings
of the DAC, but a general understanding of the operating parameters is appropriate.
Figure 2.5 shows the block diagram of a typical 8-bit DAC. The input is an 8-bit
digital word. The output is a current that is proportional to the binary input value and
must be converted to a voltage with an op-amp. A stable reference voltage (V) must
be supplied to the DAC. This voltage defines the maximum analog voltage—that is, for
adigital input of 11111111, V_  is essentially V. If the input is 00000000, the V_
will be 0 Vdc. For all values in between, the output voltage is a linear percentage of

V.- Specifically, the output voltage for any digital input (for the 8-bit DAC) is
input X Vier
o= 256 (2.1)
where
Vi = DAC output analog voltage
input = decimal value of the binary input

Vv = reference voltage to the DAC

ref

EXAMPLE 2.2

An 8-bit DAC has a V_ ; of 10 V. The binary input is 10011011. Find the ana-
log output voltage.
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SOLUTION
The binary input of 10011011 has a decimal value of 155. Applying Equation 2.1,
we can calculate the analog output voltage:

input X Vref 155X 10V
o= 256 256

=6.05V

Therefore, 6.05 V is the voltage we would expect on the analog output pin. [It is
interesting to note that if the input were all 1s (which is a decimal value of 255),
the output would be (255/256) X 10V =9.96 V, not 10 V as you might expect. This
is a characteristic of the DAC.]

An important consideration of digital-to-analog conversion is resolution. The res-
olution of a DAC is the worst case error that is introduced when converting between
digital and analog. This error occurs because digital words can only represent discrete
values, as indicated by the stair-step diagram in Figure 2.5. For example, the maximum
value of an 8-bit number is 255 decimal, which means there are 255 possible “steps”
of the output voltage. The difference between steps is the value of the least significant
bit (LSB). Because the smallest increment is one step, the resolution (for 8-bit data) is
1 part in 255, or 0.39%. This resolution is adequate for many applications, but if more
is needed, two (or more) 8-bit ports can be used together. Two ports provide 16 bits of
data. The maximum decimal value of 16 bits is 65,535. Being able to divide an analog
number into 65,535 parts means that each part will be much smaller, so we can more
precisely represent that number.

EXAMPLE 2.3

A computer uses a DAC to create a voltage that represents the position of an
antenna. The antenna can rotate 180° and must be positioned to within 1°. Can
an 8-bit port be used?

SOLUTION

The resolution required is 1 part in 180. Because 8 bits provide a resolution
of 1 part in 255, an 8-bit port is certainly adequate. In fact, we have a choice:
We could have the LSB = 1°, in which case the input values would range from
0 to 180, or we could equate 180° with 255, which makes the LSB = 0.706°.
The latter makes maximum use of the 8 bits to give a better resolution, but if
the system really doesn’t need it, the clear, simple relationship of LSB = 1° is
desirable.
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Figure 2.6

The data sheet

for the DACO0808,
an 8-bit digital-to-
analog converter.
(Courtesy of
National
Semiconductor
Corp.)

Figure 2.6 shows a data sheet for an 8-bit DAC (DAC0808). This device comes as
a 16-pin DIP (dual in-line package) and uses an external op-amp (such as the LF 351),
two resistors, and a capacitor to complete the circuit. It requires plus and minus power-
supply voltages. The time to complete a conversion is a fast 150 ns (nanoseconds). (The
circuit shown in Figure 2.6 has a V. of 10 Vdc.)

National
Semiconductor

Digital-to-Analog Converters

DAC0808, DAC0807, DAC0806 8-Bit D/IA Converters

General Description

The DACO808 series is an 8-bit monolithic digital-to-
analog converter (DAC) featuring a full scale output
current settling time of 150 ns while dissipating only
33 mW with 15V supplies. No reference current (IRgF)
trimming is required for most appiications since the full
scale output current is typically +1 LSB of 255 IREF/
256. Relative accuracies of better than +0.19% assure
8-bit monotonicity and linearity while zero level output
current of less than 4 uA provides 8-bit zero accuracy

Features

= Relative accuracy: $0.19% error maximum
{DACO0808)

Fult scale current match: £1 LSB typ

7 and 6-bit accuracy available (DAC0807, DAC0806)
Fast settling time: 150 ns typ

Noninverting digital inputs are TTL and CMOS
compatible

High speed multiplying input slew rate: 8 mA/us

for IREF 2> 2 mA. The power supply currents of the u Power supply voltage range: 4.5V to +18V
DACOB08 series are independent of bit codes, and = Low power consumption: 33 mW @ 5V
exhibits essentially constant device characteristics over
the entire supply voltage range.
The DACOS08 will interface directly with popular TTL,
DTL or CMOS logic levels, and is a direct replacement
tor the MC1508/MC1408. For higher speed applications,
see DACDB0O0 data sheet.
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Figure 2.7

An analog-to-digital
converter (ADC)
block diagram.

Analog-to-Digital Conversion

An analog-to-digital converter (ADC) is a circuit that converts an analog voltage into
a digital word. A typical ADC consists of a single IC with a few support components.
Analog-to-digital conversion is a more complicated process (than for the DAC), and
the hardware requires some conversion time, which is typically in the microsecond
range. The conversion time required depends on the type of ADC, the applied clock fre-
quency, and the number of bits being converted. Figure 2.7 shows a block diagram for
an 8-bit ADC. The input V, can be any voltage between O V and V.. When V, is 0
Vdc, the output is 00000000; when V., is V_, the outputis 11111111 (255 decimal).
For input voltages between 0 and V_, the output increases linearly with V. ; therefore,
we can develop a simple ratio for the ADC:

output 255 .
—Vm =V, (for 8 bits)
Solving for output gives the following:
Vin X 255
Output = v (2.2)

ref

where

output = decimal output value of an 8-bit ADC
V., = analog input voltage to the ADC

V.. = ADC reference voltage

To start the conversion process, a start-conversion pulse is sent to the ADC. The ADC
then samples the analog input and converts it to binary. When completed, the ADC acti-
vates the data-ready output. This signal can be used to alert the computer to read in the
binary data.

Vref
Start conversion — — Data ready
Clock —> —
——>
ADC

— | Digital
— [ output

Vin (analog voltage input) —

-||—
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e National Analog-to-Digital Converters

for the ADC0804, Semiconductor

an 8-bit analog-to-

digital converter. ADCOBO1, ADCOBOZ, AD00803, AD00804 8'8“ //“P
(Courtesy of Compatible A/D Converters

National
Semiconductor e
Corp.) General Description
The ADCO0801, ADCO0802, ADC0803, ADC0804 are m Differential analog voltage inputs
CMOS 8-bit, successive approximation A/D converters ® Logic inputs and outputs meet TZL voltage level
which use a modified potentiometric ladder—similar to specifications
the 256R products. They are designed to meet the NSC = Works with 2.5V (LM336) voltage reference

MICROBUS ™ standard to allow operation with the
8080A control bus, and TRI-STATE® output latches
directly drive the data bus. These A/Ds appear like
memory locations or 1/0 ports to the microprocessor supply
and no interfacing logic is needed. ® No zero adjust required

® 0.3 standard width 20-pin DIP package

® On-chip clock generator
= OV to 5V analog input voltage range with single 5V

A new differential analog voltage input allows increasing
the common-mode rejection and offsetting the analog

zero input voltage value. In addition, the voltage refer- sgs N
ence input can be adjusted to allow encoding any smaller Key Spec"lca“ons
analog voltage span to the full 8 bits of resolution, = Resolution 8 bits
u Total error 11/4 1LSB, 1/2 LSB and *1 LSB
Features ® Conversion time 100 us
® MICROBUS (8080A) compatible—no interfacing logic ® Access time 135 ns
needed & Single supply 5Vpe
® Easy interface to all microprocessors, or operates B Operates ratiometrically or with 5 Vpg, 2.5 Vpc.
“’stand alone’ or analog span adjusted voltage reference
Typical Applications Connection Diagrams
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CHAPTER 2

EXAMPLE 2.4

An 8-bit ADC has a V_; of 7 Vdc; the analog input is 2.5 Vdc. What is the
binary output of the ADC?

SOLUTION

The output is an 8-bit word that has a maximum decimal value of 255 (deci-
mal) when V, =V .. Therefore, an analog input voltage (V; ) of 7 Vdc would
be converted to 255 decimal. Using this set of I/O data, we can develop a ratio
and then use that to find the output for the specific input of 2.5 Vdc:
output 255
Vio 7 Vdc
Solving for output gives the following:

2.5 Vdc x 255
Output = 7 Vde =91

The result is 91 decimal = 01011011 binary. This is the output that would
appear on the eight output lines of the ADC.

Figure 2.8 shows a data sheet for an 8-bit ADC (ADC0804). Packaged as a 20-pin
DIP, this device can operate on a single 5-Vdc power supply and requires an external
resistor and capacitor to complete the ADC circuit. The start-conversion pulse is applied
to pin 3 (WR), and the data-ready signal comes from pin 5 (INTR). This particular ADC
can be connected in a free-running mode where it performs one conversion after the
other as fast as it can. Notice also that the pin labeled V , (pin 9) must be set at half
of the actual V. For example, if the requirements call for an analog voltage range of
0-5 Vdc, then pin 9 would be set to 2.5 Vdc. The time to complete a conversion is
approximately 100 ps (micro-seconds), making it almost 700 times slower than the
DACO0808 discussed earlier.

A Control System Using Parallel Ports

Figure 2.9 shows a position control system using a microprocessor-based controller
with parallel ports. This particular system has one output port and three input ports (each
port has its own address). The output port is partitioned: Six bits are converted in a DAC
to provide the analog motor-drive signal, the seventh bit specifies motor direction (1 =
clockwise, 0 = counterclockwise), and the eighth bit turns on an audio alarm if some
emergency situation is detected. The first input port inputs the set-point data, the sec-
ond inputs the ADC data from the sensor, and the third inputs various 1-bit logical vari-
ables. In this case, the system has three front-panel switches as well as two limit
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Figure 2.9

A control system
using parallel
interface.
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Figure 2.10
Components in a
serial interface
circuit.

switches. The limit switches are used as a “back up” to detect it if the load has gone out
of its designated range.

Operation of the system proceeds as follows: The controller inputs the data from
port 03 to determine if the start (or stop) button has been pressed. If the start button has
been pressed, then the set point is read in from port 01 and the digitized sensor data is
read in from port 02. Based on its control strategy, the controller outputs to port 00 a
binary word representing the motor-control voltage. This digital data is converted to an
analog voltage with the DAC. This entire sequence is repeated over and over until the
stop button is pushed.

The Serial Interface

In a serial interface, the data are sent 1 bit after the other on a single wire. There are
a number of good reasons for doing this. First, the cabling is simpler because only two
wires are needed (at a minimum), those being “data” and “return.” Second, shielding a
small group of wires, which is often necessary in an electrically noisy industrial envi-
ronment, is easier. Third, serial data can make use of existing single-channel data lines
such as the telephone system (which may require using a modem). For these reasons,
serial data transfer is usually recommended for distances greater than 10-30 ft.

Because data always exist in a parallel form inside the computer, it must be con-
verted to serial data before coming out the serial port. This is accomplished with a spe-
cial parallel-to-serial converter IC called a universal asynchronous receiver
transmitter (UART). On the other end of the line, a receiver must convert the serial
data back into parallel data, which is done with another UART. Figure 2.10 shows the
basic serial data circuit.

Serial data are classified as being either synchronous or asynchronous. Synchronous
data require that the data bytes be sent as a group in a “package.” It is used in sophis-
ticated communication systems that move a lot of data and will not be further discussed
here. Asynchronous data transfer is the more common (but slower) type of serial trans-
fer and allows for individual bytes to be sent when needed.

Microprocessor )
controller ] —>
] e
— Parallgl]to- Serial data Seriallitcln- —>

Parallel data 4 .|  SS18 R Jarallel |~ 1 Parallel

—~ (UART) 1 Return | “uaRT) |~
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Figure 2.11
Serial data format
for the binary word
10110010 (with
even parity).
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NG
Time

Figure 2.11 shows the standard format for asynchronous serial data. First, a start
bit is sent, then the data (LSB first), then a parity-error checking bit, and finally the stop
bit(s). Some variation is allowed to this format, but both transmitter and receiver must
use the same format. The other important parameter in serial transmission is the num-
ber of bits sent per second (frequently called the baud rate, although the term is tech-
nically incorrect in most cases). Standard bit rates are 300 bps (bits per second), 1200
bps, 2400 bps, 9600 bps, 14,400 bps 28,800 bps, 33,600 bps, and 57,600 bps. Serial
data transmission is much slower than parallel transmission. At 300 bps, it takes almost
37 ms to transmit 1 byte of data, compared to less than a microsecond for parallel—
this is thousands of times slower. Still, for many applications, particularly process con-
trol, the longer data-transfer times are not a problem.

RS 232

In order to make the serial interface practical, a set of specifications called the RS-232
standard was established. Officially, the RS-232 standard specifies the serial data inter-
face between data terminal equipment (DTE) and data communication equipment
(DCE). A common application of RS-232 is the interface between a PC and the
modem, in which case the computer is the DTE and the modem is the DCE [see Figure
2.12(a)] A modem is a device that converts digital data into audio tones so that it can
be transmitted over the telephone lines. As shown in Figure 2.12, the RS-232 interface
consists of seven signals; the serial data is sent on pin 2 and received on pin 3; the other
signals, such as “Request to send” and Clear to send,” are used to confirm that the two
units are ready to communicate. The RS-232 standard specifies connector types, signal
names, pin numbers, and voltages. In practice, the RS-232 standard can be applied to
any serial interface as long as one unit acts as a DTE and the other as a DCE. If two
DTE units need to interface with each other—for example, a PC to a PC—a special
cable called a null modem or crossover cable is used. RS-232 is commonly used in
the control field when two units need to exchange data—for example, to connect a PC
to a local control unit for the purpose of downloading a new control program, as illus-
trated in Figure 2.12(b).

RS-232 serial data transfer is somewhat more complicated than parallel data trans-
fer, but it offers advantages such as two-wire communications and a universally
accepted interface. The hardware to handle serial data is standardized, readily available,
and reliable.
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Figure 2.12
The RS-232
serial interface.

DTE RS-232 DCE

Transmitted data
Received data

Request to send

Clear to send Modem

Data set ready

Data terminal ready

Ground

o
l\\lommpwmj

o
(\lomm.pwm]

Computer

(a) Interface between data terminal equipment (DTE) and data communication
equipment (DCE). Serial data are transferred on pins 2 and 3; the other signals control
the flow of data.

RS 232 Cable

COM port (DTE) (DCE)

(b) Using an RS-232 serial cable to connect a PC to a controller

Networking

Probably the most common use of serial data is in networking. More and more, net-
works are being used to interconnect all the units and devices in the control system.
Network cabling differs depending on the type of local area network (LAN), but
most use the generalized bus system diagrammed in Figure 2.13. Typically, each unit
on the net has a unique address number and also address detection circuitry. When
one unit wants to talk to another unit, it first broadcasts the address of the unit its
wants to talk to (serially, of course, on the signal wire) and then sends the data (seri-
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Figure 2.13
Concept of local
area network
(LAN) intercon-
nections for bus
topology.
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ally), which consists of some number of bytes. All units on the net will receive the
address, but only the intended receiver will activate and then read in the data. The
interface between the network cable and the PC is done through a commercially avail-
able interface expansion card called a network interface card (NIC). Other devices
on the net, such as control units, would require a special interface circuit, which may
be built in or available as an external module. Control system networks are discussed
further in Chapter 12.

2.4 INTRODUCTION TO CONTROLLER
PROGRAMMING

It is beyond the scope of this text to present a detailed discussion of how to program a
microprocessor in machine language. Still, it is useful to investigate in a general way
what the software must do. A digital controller is a computer operating in real time.
This means that the program is running all the time—repeatedly taking in the newest
sensor data and then calculating a new output for the actuator.

The basic structure of a controller program is a loop. In a loop structure, the same
sequence of instructions is executed over and over again, and each pass through the
loop is called an iteration, or scan. Figure 2.14 shows a generalized controller pro-
gram, and an explanation of the program follows:

1. The program reads in the set-point data (recall that the set point is the desired posi-
tion of the controlled variable). This data could be read in from an input port or from
memory.
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Figure 2.14
A generalized
controller
program.

|

Read in set point data

!

Read in sensor data

'

Subtract to get error

!

Calculate new control
signal for actuator
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________ I
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2. The program directs the computer to read (from a sensor) the actual value of the con-
trolled variable.

The actual data are subtracted from the set point to get the error.

Based on the error data, the computer calculates a new actuator control signal.

The new output is sent to the actuator.

The programs loops back to step 1 and starts over again.

SANRA Nl

The time it takes for the computer to execute one pass through the loop determines
the time interval between input readings (known as the sampling rate). If this interval is
too long, the computer may not get an accurate picture of what the controlled variable is
really doing (see Chapter 11 for a discussion of aliasing). Execution of the loop can be
accelerated by specifying a faster computer or streamlining the program. In other situa-
tions, the computer must pause and wait. For example, a pause might be inserted to give
an operator time to make some adjustment or to allow time for a motor to “spin down.”
This is done by inserting time-delay loops in the program. A time-delay loop is simply
a do-nothing, “wheel-spinning” loop where the computer is instructed to count up to some
large number. Using this technique, we can make the program pause for any length of
time—from a few microseconds to hours. If a time-delay loop is inserted in the main pro-
gram loop (as shown in Figure 2.14), the effect is to slow the cycle time for the main loop.
This is sometimes done to force matching of the sample rate to some predetermined value.

At one time, people thought that the best and most efficient microprocessor pro-
grams were those written directly in assembly language—that is, the programmer would
directly select the machine language instructions. Today, sophisticated programs (called
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compilers) can convert a program written in a high-level language, primarily C, into
very efficient machine language. High-level languages use English-sounding words and
a set of powerful commands to specify simple and complicated programming opera-
tions with a minimum of instructions. Using a high-level language to write programs
for a microprocessor offers big advantages, such as more compact program listing, ease
of writing equations, and more comprehensible documentation. Also, programs writ-
ten in a high-level language can be compiled to run on any model of microprocessor.

2.5 MICROPROCESSOR-BASED CONTROLLERS

Single-Chip Microcomputers (Microcontrollers)

A microprocessor by itself is not a computer. To be functional, the microprocessor must
be connected to other integrated circuits that provide the memory and I/O capability. A
microcontroller is a computer on a single IC, designed specifically for control applica-
tions. It consists of a microprocessor, memory (both RAM and ROM), /O ports, and
possibly other features such as timers and ADCs/DACs. Having the complete controller
on a single chip allows the hardware design to be simple and very inexpensive.
Microcontrollers are showing up increasingly in products as varied as industrial appli-
cations, home appliances, and toys. In such uses as these, they are called embedded con-
trollers because the controller is located physically in the equipment being controlled.

The main difference between microprocessors and microcontrollers is that micro-
processors are being designed for use in microcomputers where greater speed and larger
word size are the driving requirements, whereas microcontrollers are evolving toward
reduced chip count by integrating more hardware functions on the chip. Most control
applications do not need the 32-bit word size and 500-MHz (megahertz) speed of the
newer microprocessors. Eight or 16 bits and 1 MHz will work just fine in many appli-
cations, and the single-chip microcontroller costs much less.

Another difference between microprocessors and microcontrollers concerns the
instruction set. The microprocessor tends to be rich in instructions dealing with mov-
ing data into and out of memory. The microcontroller has fewer memory-move instruc-
tions and more bit-handling instructions. The reason for the lack of memory-move
instructions is that the microcontroller typically has only a small amount of RAM,
which it uses only as a “scratch pad.” The additional bit-handling instructions were
included because they are so useful in control system applications. For example, in a
control system, each separate bit of a parallel output word might control a different
device, such as a motor or indicator light. The bit-handling instructions allow the soft-
ware to turn one device easily on or off without affecting the others.

The Motorola 68HC11 is a popular 8-bit microcontroller that has 256 bytes of
RAM, 8K of ROM, and 512K bytes of EPROM (see Figure 2.15a). It also has five 8-
bit ports with built-in serial data transfer and ADC capability. Another common 8-bit
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Figure 2.16
BASIC Stamp
module (BS2-IC).

microcontroller is the Intel 8051, which has 128 bytes of RAM and 4K bytes of ROM,
four parallel data ports, and a serial port (see Figure 2.15b). For control applications,
these hardware arrangements usually are adequate: ROM is used to store the control
program, and RAM is used as data registers and a “scratch pad.” The I/O signal lines
can usually be connected directly to the microcontroller without additional port cir-
cuitry. Software is typically written in C** or some other language (including assem-
bly language) and then converted into machine language with a compiler or assembler
program. The machine language program would then be loaded into the microcon-
troller’s ROM or EPROM.

Another popular microcontroller is the PIC from Microchip Technology. For exam-
ple, the PIC16Cxx family of 8-bit microcontrollers is a low-cost, versitle product that
has found wide acceptance [see Figure 2.15(c)]. There are a wide range of options,
including ROM, EPROM, EEPROM, ADCs, Timers, and serial ports. The PIC uses a
slightly different architecture from the 68HC11 and 8051 in that the ROM (or EPROM)
that contains the program connects to the CPU with its own 14-bit bus, whereas the reg-
ular data bus is 8 bits. Allowing 14 bits for the program memory means that all instruc-
tions are just one word long. The device has three I/O ports, but many of the I/O bits
can be used in different ways (such as for an on/off switch or ADC input), depending
on how they are programmed.

Finally, another product called the BASIC Stamp from Parallax Inc. is usually con-
sidered a microcontroller, although it is actually a very small circuit board with a few
ICs and pins. The whole circuit board plugs into an IC socket, as though it were an IC
(see Figure 2.16 ). What makes the BASIC Stamp somewhat unique is that it has an on-
board BASIC program interperater. A program can be written in BASIC on a PC and
then directly downloaded into the Stamp’s EEPROM through a RS-232 port. No assem-
bler or compiling operation is required. There are now other microcontrollers on the
market that can be programmed in BASIC.

In summary, a wide variety of microcontrollers are available. At the low end are
the 4-bit models, which are more than adequate for appliances and toys. These tend to
be large-volume, low-cost applications. Eight-bit microcontrollers (such as the 68HC11
and 8051 mentioned earlier) are very popular because 8 bits turn out to be a conven-
ient size for both numeric and character data. At the high end, 16- and 32-bit micro-
controllers are available for control systems requiring sophisticated, high-speed
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Figure 2.17

A single-board
computer.
(Courtesy of
Vesta
Technology, Inc.)

calculating power for such applications as complicated servomechanisms, avionics, or
image processing.

Single-Board Computers

Single-board computers are off-the-shelf microprocessor-based computers built on a
single printed-circuit card (Figure 2.17). They come in many configurations, but in gen-
eral they use a standard microprocessor such as the Zilog Z80, the Intel x86 family, the
Motorola 68000, or a microcontroller. They also include memory ICs (both RAM and
ROM), I/O capability, and perhaps special interface circuits such as ADCs or DACs.
Single-board computers are manufactured by major microprocessor producers such as
Intel and Motorola as well as many other smaller companies. Some single board com-
puters are designed to plug into a PC as an expansion card. The obvious advantage of
using a ready-made microprocessor board is that it eliminates design- and board-testing
time. This is particularly important in small-volume production or one-of-kind systems.

Programmable Logic Controllers

A programmable logic controller (PLC) is a self-contained microprocessor-based
unit, designed specifically to be a controller. The PLC includes an I/O section that can
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interface directly to such system components as switches, relays, small motors, and
lights. Developed in the late 1960s to replace relay logic controllers, PLCs have
evolved to be able to handle sophisticated motion control applications. PLCs come in
various sizes and capabilities; Figure 2.18 shows a selection of PLCs. The big differ-
ence between PLCs and the other devices discussed in this section is that the PLC has
the microprocessor, ports, and power supply built into a package that has been ruggedi-
zed for an industrial environment. Installation is very easy because in many cases the
sensors and actuators can be connected directly to the PLC. Once installed, the micro-
processor program is downloaded into the PLC from some source such as a personal
computer. The PLC manufacturer usually supplies software to facilitate the program-
ming operation. This software allows the user to write a program with line-by-line
instructions, or it can convert a relay logic-wiring diagram (ladder diagram) directly

Figure 2.18
Programmable
logic controllers.
(Allen-Bradley
products courtesy
of Rockwell
Automation).
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into a PLC program. Multiple PLCs in a plant can be networked so the individual units
can be monitored and programmed from a single station. This is a form of distributed
computer control (DCC) discussed in Chapter 1. PLCs are discussed in detail in
Chapter 12.

Personal Computers Used in Control Systems

The availability of relatively low-cost, off-the-shelf personal computers (PCs) has
made them an attractive alternative for small, one-of-kind control applications. Control
system software packages are commercially available for the PC that run under DOS
and Windows. These programs are adaptable and allow the user to tailor the software
to fit the control application, essentially turning a PC into a PLC (although not as
rugged). Most of these packages use interactive graphics to link animation with chang-
ing process values. Some programs have provisions to mathematically simulate the
process being controlled to help optimize the controller coefficients.

A standard PC comes with expansion slots, which are circuit-card connectors ema-
nating from the motherboard (main board) of the computer. Expansion cards plug into
these slots and form a bridge between the computer and the outside world. Many dif-
ferent types of interface cards are available, such as I/O serial and parallel data ports,

Figure 2.19
Multi-function I/O board,
includes ADC, DAC, and
digital I/0O. (Courtesy of
Omega Engineering, Inc.)
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ADCs, DACs, and computer-controlled output relays, to name a few. Figure 2.19 shows
an example of an interface expansion card.

Historically, data-acquisition and control functions were kept separate. Controllers
ran the process, and other instruments measured and recorded the result. The concept
of having a single PC perform both tasks seems logical; after all, the PC can use its
computing ability first as the controller and then tabulate system performance data.
These data can be stored on disk and/or displayed on the monitor.

A potential problem may arise because the controller must operate in real time. If a
computer is to control a process and monitor it at the same time, the data-reduction process
must not take so long as to interfere with the control duties; a control response can’t wait.
One way to overcome this problem is to divide the control and data-acquisition tasks
among multiple processors. Using the PC as the master computer, a separate micro-
processor on an expansion card can perform data collection uninterrupted. One type of
/O controller card has slots for three smaller boards. These smaller boards have various
combinations of analog and digital I/O ports and counter-timers. Some boards are avail-
able with solid-state relays, which can be used to directly control AC and DC motors.

A PC with I/O expansion cards often costs less than a stand-alone computerized con-
trol system. The cards do not need a separate enclosure and use the PC’s power supply,
keyboard for input, and monitor for display. Also, using a standard PC means that pro-
grams can be developed on another compatible computer, eliminating process downtime.

Numerous manufacturers are selling rugged PCs that can survive in harsh indus-
trial environments. These computers typically use a membrane-type keyboard (the key-
board appears as one continuous sheet of flexible plastic) and have sealed cases and
filters covering the air vents. Some models of these computers are rack-mountable and
contain their own battery-backup power supply.

SUMMARY

A microprocessor is a digital integrated circuit that performs the basic operations of a
computer. Microprocessors are used extensively as the basis of a digital controller. Digital
control systems are advantageous because digital data can be transferred and stored vir-
tually error-free, and the control strategy can be changed by simply reprogramming.

A computer consists of four basic functional units: (1) the CPU (microprocessor),
which executes the programmed instructions and performs the calculations; (2) the
memory, which stores the program and data; (3) input; and (4) output. Input/output
interfaces the computer to the outside world. A microprocessor-based computer inter-
connects these units with three groups of signals called buses. The address bus carries
the address of the data to be processed. The data bus carries the data, and the control
bus carries timing and control signals. Computers handle data as groups of binary bits.
Many microprocessor-based controllers handle data in 8-bit groups called a byte.

A microprocessor has a set of instructions that it can execute (called the instruction
set). Each instruction is identified by a digital code called the operation code (op-code).



52

CHAPTER 2

A program consists of a list of these op-codes stored in memory. The microprocessor
automatically fetches the instructions from memory and executes them, one by one.

A digital controller may have two kinds of data interfaces: parallel and serial. The
parallel interface is the most straightforward system, where all 8 bits are sent at the
same time on eight separate wires. In the serial interface, data is sent 1 bit after the other
on a single wire. Serial data transfer is better for longer distances.

Many control systems use components that require an analog signal interface;
therefore, the signals to or from the digital controller must be converted with an ADC
(analog-to-digital converter) or a DAC (digital-to-analog converter). Both circuits are
available in IC form.

The digital controller program has a standard format. First, it reads the set point
and sensor values. Then it subtracts these values to determine the system error. Based
on the error value, it next calculates the appropriate actuator response signal and sends
it out. Then it loops back to the beginning of the program and executes the same set of
instructions over and over.

Microprocessor-based controllers come in a number of standard forms. A micro-
controller includes a microprocessor, memory, and input/output all on a single IC. A
single-board computer is an off-the-shelf microprocessor-based computer, assembled
onto a single printed circuit board. A programmable logic controller (PLC) is a self-
contained unit specifically designed to be a controller. A personal computer (PC) is a
general-purpose, self-contained computer; however, with the addition of interface
expansion cards, a PC becomes a very adaptable and cost-effective controller.

GLOSSARY

accumulator A temporary, digital data-storage register in the microprocessor used in
many math, logic, and data-moving operations.

ADC See analog-to-digital converter.

address A number that represents the location of 1 byte of data in memory or a spe-
cific input/output port.

address bus A group of signals coming from the microprocessor to memory and I/O
ports, specifying the address.

ALU See arithmetic logic unit.

arithmetic logic unit (ALU) The part of the CPU that performs arithmetic and logi-
cal operations.

analog-to-digital converter (ADC) A device (usually an IC) that can convert an ana-
log voltage into its digital binary equivalent.
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assembly language A computer program written in mnemonics, which are English-
like abbreviations for machine-code instructions.

baud The rate at which the signal states are changing; frequently used to mean “bits
per second.”

bit The smallest unit of digital data, which has a value of 1 or 0.
byte An 8-bit digital word.

central processing unit (CPU) The central part of a computer, the CPU performs
all calculations and handles the control functions of the computer.

control bus A group of timing and control signals coming from the microprocessor
to memory and I/O ports.

crossover cable See null modem.
CPU See central processing unit.
DAC See digital-to-analog converter.

data bus A group of signals going to and from the microprocessor, memory, and I/O
ports. The data bus carries the actual data that are being processed.

data communication equipment (DCE) One of two units specified by the RS-232
standard (for serial data transfer); the DCE is usually a modem.

data terminal equipment (DTE) One of two units specified by the RS-232 standard
(for serial data transfer). The DTE is usually the computer.

DCE See data communication equipment.

digital-to-analog converter (DAC) A circuit that translates digital data into an ana-
log voltage.

download To transfer a computer program or data into a computer (from another
computer).

DTE See data terminal equipment.

embedded controller A small microprocessor-based controller that is permanently
installed within the machine it is controlling.

expansion card/slot An expansion card is a printed circuit card that plugs into an
expansion slot on the motherboard of a personal computer (PC). The expansion card
usually interfaces the PC to the outside world.

fetch-execute cycle A computer cycle where the CPU fetches an instruction and then
executes it.

input/output (I/0) Data from the real world moving in and out of a computer.

I/O See input/output.
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instruction set The set of program commands that a particular microprocessor is
designed to recognize and execute.

iteration One pass through the computer program being executed by the digital con-
troller; each iteration “reads” the set-point and sensor data and calculates the output to
the actuator.

LAN See local area network.

least significant bit (LSB) The rightmost bit of a binary number. Can also mean the
smallest increment of change.

logical variable A single data bit in those cases where a single bit is used to repre-
sent an on-off switch, motor on-off control, and so on.

local area network (LAN) A system that allows multiple units to communicate with
each other, all sharing the same interconnection wire.

LSB See least significant bit.
machine language The set of operation codes that a CPU can execute.

memory The part of the computer that stores digital data. Memory data is stored as
bytes, where each byte is given an address.

memory-mapped input/output A system where I/O ports are treated exactly like
memory locations.

microcontroller An integrated circuit that includes a microprocessor, memory, and
input/output; in essence, a “computer on a chip.”

microprocessor A digital integrated circuit that performs the basic operations of a
computer but requires some support integrated circuits to be functional.

most significant bit (MSB) The leftmost bit in a binary number.
mnemonic An English-like abbreviation of an operation code.

modem A circuit that converts serial data from digital form into tones that can be sent
through the telephone system.

MSB See most significant bit.

nonvolatile memory Computer memory such as ROM that will not lose its data when
the power is turned off.

null modem A cable that allows two DTE units to communicate with each other (see
RS-232).

operation code (op-code) A digital code word used by the microprocessor to iden-
tify a particular instruction.

parallel interface A type of data interface where 8 bits enter or leave a unit at the
same time on eight wires.
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PC See personal computer.

personal computer (PC) A microprocessor-based, self-contained, general-purpose
computer (usually refers to an IBM or compatible computer).

PLC See programmable logic controller.

port The part of a computer where I/O data lines are connected; each port has an
address.

program counter A special address-holding register in a computer that holds the
address of the next instruction to be executed.

programmable logic controller (PLC) A rugged, self-contained microprocessor-
based controller designed specifically to be used in an industrial environment.

RAM See random-access memory.

random-access memory (RAM) Sometimes called read/ write memory, a memory
arrangement using addresses where data can be written in or read out; RAM loses its
contents when the power is turned off.

read-only memory (ROM) Similar to RAM in that it is addressable memory, but it
comes preprogrammed and cannot be written into; also, it does not lose its data when
the power is turned off.

read/write (R/W) line A control signal that goes from the microprocessor to memory.

real time Refers to a computer that is processing data at the same time that the data
are generated by the system.

resolution In digital-to-analog conversion, the error that occurs because digital data
can only have certain discrete values.

ROM See read-only memory.

RS-232 standard A serial data transmission standard that specifies voltage levels and
signal protocol between a DTE (computer) and a DCE (modem or other device).

R/W See read/write line.
sampling rate The times per second a digital controller reads the sensor data.
scan See iteration.

serial interface A type of interface where data are transferred 1 bit after the other on
a single wire.

single-board computer A premade microprocessor-based computer assembled onto
a single printed-circuit card.
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time-delay loop A programming technique where the computer is given a “do-noth-
ing” job such as counting to some large number for the purpose of delaying time.

UART See universal asynchronous receiver transmitter.

universal asynchronous receiver transmitter (UART) A special purpose inte-
grated circuit that converts data from parallel to serial format and vice versa.

volatile memory Computer memory such as RAM that will lose its data when the
power is turned off.

word A unit of digital data that a particular computer uses; common word sizes are 4,
8, 16, and 32 bits.

EXERCISES

Section 2.1

1. Briefly describe the functions of the ALU, control unit, CPU memory, and
input/output.

2. What steps does the microprocessor take to read data at address 1020? (Specify
the actions of the address bus and data bus in your answer.)

3. Briefly define address bus, data bus and control bus.

4. Use the method shown in Example 2.1 to find the decimal value of the binary num-
ber 01011101.

5. Use the method shown in Example 2.1 to find the decimal value of the binary
number 11011010.

Section 2.2

6. What is a microprocessor instruction set, and how is it different from a high-level
language such as BASIC?
7. A certain microprocessor has a simple instruction set shown below.

INSTRUCTION SET
Op-code Explanation

76 Halt the microprocessor.

Ce* Add next byte to accumulator.

D6* Subract next byte from accumulator.

3C Increment the accumulator.

3D Decrement the accumulator.

3E* Move the next byte into the accumulator.

*These instructions use two bytes.

‘What number would be in the accumulator after the program shown below was run?
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PROGRAM
Address Op-code
001 3E
002 05
003 D6
004 02
005 3C
006 76

Section 2.3

8.

9.
10.

11.

12.

13.

14.

Temperature values from —20°F to 120°F are input data for a microprocessor com-
puter. Are 8 bits sufficient? If so, what is the resolution?

Explain the function of the following: parallel data port and serial data port.
Serial data are sent at 1200 bps using the format of Figure 2.11, with one stop bit.
How long would it take to send 1000 bytes of data?

An 8-bit DAC has a reference voltage of 9 V. The binary input is 11001100. Find
the analog output voltage.

The binary data from the computer in a certain application are expected to go from
00000000 to only 00111111. These data are the input of a DAC. The analog output
should go 0-5 V. Find the DAC reference voltage necessary to make this happen.
An 8-bit ADC has a reference voltage of 12 V and an analog input of 3.7 V. Find
the binary output.

The binary output of an ADC should have the range 00000000-11111111 corre-
sponding to an input of 0-6 V. Find the necessary reference voltage.

Section 2.4

15.
16.
17.

18.

What is real-time computing, and is it necessary for control systems?

Describe the basic steps in a control program scan (loop).

At some point in the program it is desired to have the computer wait 5 s for an
operator response. How would this delay be accomplished in software?

A program contains 150 instructions, and the average execution time per instruc-
tion is 2 ps. Find the sample rate of this program.

Section 2.5

19.

20.
21.

22,

What is a microcontroller, and what are some differences between a microcon-
troller and a microprocessor?

What is a programmable logic controller?

You want to use a personal computer to control a simple robot arm. The arm has
two joints, an elbow and a wrist. Each joint has a DC motor and a position sensor
that outputs a DC voltage. You already have a “plain vanilla” PC; make a list of
what you would need to acquire to make this system work.

Compare and contrast the following: a microprocessor, a microcontroller, a pro-
grammable logic controller, and a personal computer.






CHAPTER 3

Operational Amplifiers
and Signal Conditioning

OBJECTIVES

After studying this chapter, you should be able to:

* Recognize the characteristics of an operational amplifier and describe how
they can be used as the basis for different types of useful amplifiers.

* Design the following types of op-amp circuits to meet specific requirements:
voltage follower, inverting amplifier, noninverting amplifier, summing ampli-
fier, differential amplifier, and comparator.

* Understand the operation of the following types of circuits: integrators and
differentiators, active filters, current-loop signal transmission, analog switches
and multiplexers, and sample and hold.

* Understand the concepts of the earth ground and ground loops, magnetic
and electrostatic shielding, and the importance of a single-point ground.

INTRODUCTION

One of the necessary conditions of any real system is the successful interfacing, or
connecting together, of the various components. In a block diagram, an interface is rep-
resented by a line between two blocks, indicating that some sort of signal passes
between the blocks. If it were only this easy! The fact is, interfacing is sometimes the
most difficult task in getting a system operational. There are several different categories
of interfacing requirements.

One type of interfacing is between analog and digital circuits. Most controllers are
digital, whereas many sensors and actuators use analog signals. This means analog-to-
digital or digital-to-analog converters may be required (as discussed in Chapter 2).
When designing this type of interface, you must consider such things as resolution
(number of bits), analog voltage level, and conversion speed required.

59
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Another interface problem is matching voltage levels between components. A sen-
sor may put out a voltage range of 0-0.5 V, whereas the receiving component may need
a signal in the voltage range of 0-10 V. Or a sensor may put out a high-impedance sig-
nal (easily loaded down) and needs to be converted to a stronger low-impedance sig-
nal. Still another problem is that some sensors are nonlinear, which means that the
sensor output voltage is not directory proportional to the parameter being measured.
Nonlinear sensors may require some correction circuitry.

Sometimes several sensors must share the same input port of a controller. This requires
an electronic switching circuit capable of connecting different analog channels to the same
destination. Another requirement may be to add or subtract analog signals— for example,
when the feedback signal is subtracted from the set-point in an analog controller.

Some situations require that there be little or no signal loss between components, even
if they are some distance apart. This might seem to be impossible because all wires have
resistance; however, the current-loop technique virtually eliminates signal attenuation.

Another set of interface problems deals with handling electrical noise from the out-
side world. Although some types of interference can be filtered out, it is usually best to
try to prevent the noise from entering the system. This is done with proper shielding
and grounding.

We will deal with these topics in this chapter. It will not be an exhaustive treatment
because whole books are available on each subject, but it will introduce accepted solu-
tions to various problems.

3.1 OPERATIONAL AMPLIFIERS

Introduction

An operational amplifier (op-amp) is a high-gain linear amplifier. Op-amps are usu-
ally packaged in IC form (one to four op-amps per IC) and are relatively inexpensive.
The op-amp approaches the ideal amplifier of the analog designer’s dreams because it
has such ideal characteristics:

1. Very high open-loop gain: A = 100,000+, but unpredictable
2. Very high input resistance: R, > 1 MQ

3. Low output resistance: R, = 50-75 ohm

These characteristics make designing with op-amps relatively easy. As we will see,
the high open-loop gain makes it possible to create an amplifier with a very predictable
stable gain of anywhere from 1 to 1000 or more. The significance of the very high input
resistance (R, ) is that the op-amp draws very little input current. This means it will not
load down whatever circuit or sensor is driving it. The op-amp’s low output resistance
(R,,,) means it can drive a load without being loaded down itself. However, an op-amp
is a signal amplifier, not a power amplifier. It is not designed to output large currents
and so is not usually used to drive loads such as loudspeakers or motors directly.
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Figure 3.1
The op-amp symbol.

+ V supply

Inverting
;) o———— -

Vout

Voo—+
Noninverting

— V supply

Figure 3.1 shows the symbol for a typical op-amp. It has two inputs (V, and V,) and
one output (V). Also shown are the two power-supply inputs, which are typically +12 V
and —12 V. The output voltage can swing to within about 80% of the supply voltages. Notice
there is no ground connection at all. Most op-amps are actually differential amplifiers, which
means they amplify the difference between V| and V,. This is shown in Equation 3.1:

V. =AWV, V) 3.1)

where
V.. = output Voltag_e
A = open-loop gain
V| = inverting input
V, = noninverting input

The open-loop gain (A) is the raw unmodified gain of the op-amp; it is high, typ-
ically 100,000 or more. V, is called the noninverting input. As the name implies, the
output is in phase with the noninverting input (when the noninverting input goes posi-
tive, V. goes positive; when the noninverting input goes negative, V. goes negative).
The noninverting input is identified by the + sign in the symbol of Figure 3.1.

The other input to the op-amp is called the inverting input. The output will be out
of phase with the signal at the inverting input (when the inverting input goes more pos-
itive, the output will go more negative, and vice versa). The inverting input is identi-
fied by the — sign in the symbol.

Even though the op-amp has two separate inputs, there is just one input voltage,
which is the difference between V, and V,. This is illustrated in Example 3.1.

EXAMPLE 3.1

Figure 3.2 shows an op-amp with an open-loop gain of 100,000. Find the out-
put for the following conditions:

a. V, and V, are both 4 uV.
b. V,is2uV,and V, is 4 uV.
c. Vyis6puV,and V,is 3 uV.
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SOLUTION

We will use Equation 3.1 to solve this problem.

a. Both V, and V, are 4 uV:

Vi = 100,000 X (4 uV -4 pVv)
= 100,000 x (0 uV)
=0V

This shows that the output of the op-amp is zero if the inputs are the same

voltage, regardless of their actual value.

b. The noninverting input V, is 4 uV, and the inverting input V, is 2 uV:

Voue = 100,000 X (4 uV =2 V)
= 100,000 X (2 uV)
=02V

This result shows that the output is positive if the (V, — V,) quantity has a

net positive value.

c. The inverting input is 6 uV, and the noninverting input is 3 uV:

V.= 100,000 X 3 gV — 6 uV)

= 100,000 X (=3 pV)

=-03V

This result is negative because the (V, —V,) quantity has a negative net value.

Note: The purpose of this example is only to show how an open-loop op-amp
behaves. It would be very difficult to duplicate this in the lab because of the chal-

lenge of creating small, steady input voltages.

Figure 3.2

Various input voltage com-
binations (A = 100,000)
(Example 3.1).

%2
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Figure 3.3
Various input voltage com-
binations (A = 100,000).
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Figure 3.4
Single-input, open-loop
amplifiers.
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Example 3.1 begins to illustrate one aspect of op-amps that may seem strange at
first—the sign of the output. Consider the three op-amps in Figure 3.3. In Figure 3.3(a),
both inputs are positive, yet the output is negative. Why? The — input has the larger mag-
nitude, so the quantity (V, — V,) is negative (2 uV — 3 uV = -1 uV). From Equation 3.1
(the op-amp equation),

Vout = A(VZ - Vl)

you can see that if (V, — V,) is negative, V,_  will be negative.”

Now consider the circuit of Figure 3.3(b). The inputs are both negative, yet the output
is positive. To understand this, again examine the (V, — V,) quantity, paying attention to
the signs. In this case, [-2 pV — (=3 uV)] = +1 uV, which is positive. The circuit in Figure
3.3(c) is more straightforward. In this case, (V, - V,) = (=2 uV -3 uV) = -5 uV, which
is clearly negative.

Now consider the case where only a single input is required. There are two possibili-
ties: The output will be either in phase or out of phase with the input. To make a nonin-
verting amplifier (where the output is in phase with the input), the — input is grounded, and
the input signal is connected to the noninverting input (+), as shown in Figure 3.4(a). If we
want an inverting amplifier, where the output is out of phase with the input, we connect
the signal into the inverting input () and ground the + input, as shown in Figure 3.4(b).

1 Yo 1

. Vout VOUt
Vin o0—+ _l__ +
(a) Noninverting (b) Inverting

*Another way to determine the output polarity is to use the following rule: The output will assume
the polarity that matches the symbol of the most positive input. In the case of Figure 3.3(a), the
— input has the largest positive value, so the output is negative.
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Figure 3.5
Op-amp inputs are always
virtually the same voltage.

All the amplifier circuits discussed so far are called open loop because they operate at open-
loop gain. As we will see, this is not the typical application of an op-amp—we are doing
it here because it simplifies the discussion of how the differential inputs work.

Most op-amp circuits incorporate negative feedback. This means that a portion
of the output signal is fed back and subtracted from the input. Negative feedback
results in a very stable and predictable operation at the expense of lowered gain
(which we can easily afford because the open-loop gain is so high to begin with).
Analyzing op-amp circuits is actually easier than analyzing traditional discrete tran-
sistor amplifiers because the op-amp’s impressive parameters allow us to make three
circuit-simplifying assumptions:

* Assumption 1: V| =V,. Explanation: How can we possibly assume that the inputs
V, and V, are always the same? Could we not force V, and V, to be anything we
like? Yes, but the argument goes like this: The output voltage is equal to A(V, - V,)
where A, being the open-loop gain, is a very high number. Thus, even a small dif-
ference between V| and V, will cause a very large output. However, the output has
a practical upper limit established by the power supply; therefore, to keep the out-
put from exceeding its limits, the difference between V, and V, must be very small.
This is illustrated in Figure 3.5. The power supply is +15 V and —15 V, which lim-
its the output voltage swing to about +12 V and —12 V (being 80% of the supply).
If the open-loop gain is 100,000, then the difference between V| and V, that would
cause an output of 12 V is computed using Equation 3.1: V= A(V, - V).
Rearranging gives us

Vout 12 V
V3= VD ="x =To0.000 = 000012V

A
So we see that, to keep the amplifier operating linearly with the output within its
bounds, the difference between V, and V| must be less than 0.00012 V, which is a
very small voltage. Hence, we say that V, is virtually the same as V.

* Assumption 2: Input current is zero. Explanation: The input resistance of an op-amp
is very high, typically 1 MQ or more. It is so high that we can model the inputs as
being open circuits as shown in Figure 3.6; of course, no current can flow into an
open circuit.

+15V

0.00012 V v, N 12V
ﬁ Vout
Vo o—— + -12V

-15V
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Figure 3.6
Equivalent circuit model
of an op-amp.

Ry =501075 Q

e Assumption 3: Output resistance is zero. Explanation: A low-output resistance means
that the output voltage will not be pulled down even if the load draws a lot of cur-
rent. This is the weakest of the three assumptions because the output resistance is
typically between 50 and 75 Q (however, it can be much lower with negative feed-
back). This assumption only holds if the load being driven is considerably higher
than the output resistance of the op-amp, which is the case in most applications.

Many different types of op-amps are available, with names such as general-purpose,
wide-bandwidth, low-noise, and high-frequency, to name a few. For most control applica-
tions, the general-purpose types are adequate. Figure 3.7 shows a data sheet for the popular,
general-purpose op-amp 741 (MC1741), which comes in four types of packages. Besides
the inverting and noninverting input and output pins, this op-amp has two more pins called
offset null. As indicated in the small diagram of Figure 3.7, these can be used to adjust the
output voltage up or down slightly for the purpose of eliminating the DC offset voltage—
a small DC voltage that may occur at the output, even when the inputs are exactly equal.

Looking at the electrical characteristics (Figure 3.7), the large signal voltage gain is
given as 50-200 V/mV. This means that, at a minimum, the ratio is 50 V out for each
millivolt in, which is the equivalent of 50,000 V out for each volt in, or a gain of 50,000
(minimum). Notice also that the input resistance is given as being typically 2 M2 and
the output resistance is typically 75 Q.

The 741 is a traditional op-amp that is commonly cited in textbooks because peo-
ple are familiar with it and it is usually stocked in labs. However, there are hundreds of
types of op-amps on the market, many of them newer and better in some way than the
741. Fortunately, nearly all of them have the same pin configuration as the 741, so you
could design a circuit around a 741 and then substitute a different model if you needed
the performance. Examples of newer op-amps include the LF355, LM308, and LF411.
The LF411 has an extremely high input resistance and practically no offset voltage.

Many useful signal-conditioning circuits can be built using op-amps. Some of the
most common are presented in the pages that follow.

Voltage Follower

The voltage follower, which is very useful circuit, can boost the current of a signal
without increasing the voltage. It can transform a high-impedance signal (easily loaded
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Figure 3.7

Data sheet for the 741
general-purpose

op-amp. (Copyright

© Semiconductor
Components Industries,
LLC. Used by permission.)
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Figure 3.8
A voltage follower circuit.

V out ( Rout)
2
(Rin =) Vo o—— %

down) into a robust low-impedance signal. Figure 3.8 shows a voltage follower circuit.
It has a voltage gain of 1, with a high R, and a low R_ . Its operation can be explained
as follows: We start with the basic op-amp equation (Equation 3.1):

Vou =AWV, = V)

In the circuit, V_  is connected to V; thus, V_ = V. Substituting in V_  and expand-
ing Equation 3.1,

Vout = (AVZ) - (Avout)

Solving for V_ , we get
AV,
Vout = 1+A =V
Figure 3.9 YV
Using a voltage follower moTTT oo [
to prevent load down. i 10 KQ
I
! Vi,=0.45V
I
! 1kQ
1

(b) Equivalent circuit

Controller

Sensor

(c) No signal voltage drop
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Figure 3.10
The inverting amplifier
circuit.

But because A is much greater than 1,
AV,

vout = A V2
We see that the output voltage V  equals the input voltage V,, meaning the overall gain
is 1. Also notice that the actual input signal goes directly into the noninverting input,
so it draws essentially no current.

A more intuitive way to explain the voltage follower circuit is as follows: The input
V, is virtually the same voltage as V, (from Assumption 1). V, is connected to V_ , so
it’s as if V, were connected to V_ , hence the gain of 1.

The voltage follower is a simple and very useful circuit. Consider the situation
shown in Figure 3.9(a). In this case, a high-impedance sensor (10 k), is connected
directly to a controller with a 1 k€ input resistance. The sensor generates 5 V inter-
nally, but this is reduced by the voltage drop across the 10 k€2 internal resistance. By
redrawing the circuit [Figure 3.9(b)], we see that these two resistances form a voltage
divider. The actual input voltage to the controller can be calculated as follows from the
voltage-divider rule:

1kQ x5V
Vo= TkQ+ 10kQ = 0PV

This shows that only 0.45 V of the 5 V signal makes it to the controller. We could
amplify the signal at the controller to make up for the attenuation, but that would
amplify noise as well as the signal. A better solution is to insert a voltage follower near
the sensor, as shown in Figure 3.9(c). Because the op-amp draws no signal current, there
is no voltage drop across the 10 k€ resistor, and the full 5 V enters the voltage follower
and appears at its output. The 1 kQ input resistance of the controller is so much higher
than the output resistance of the op-amp that almost all of the 5 V will appear across
the controller terminals.

Inverting Amplifier

The inverting amplifier is probably the most common op-amp configuration. The cir-
cuit shown in Figure 3.10 requires just two resistors, R, and Rf R, is the input resistor,
and Rfis the feedback resistor that feeds part of the output signal back to the input. This

Ry
Wy
R; Iy
(Rin ) Via © WV v -
vy :
Iin V2 —o0 Vout
+
Virtual ground _|:_
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is an inverting amplifier because the input signal goes to the inverting input, which
means the output is out of phase with the input. The voltage gain is determined by the
resistor values.

An explanation of how the inverting amp works is as follows: First, if the op-amp
input draws no current, then all the signal current (/; ) must go through R —there is
nowhere else for it to go. Therefore, I, =1 B By assumption, V, and V, are virtually the
same voltage, and V, is grounded; thus, V| is at virtual ground. If V| is (almost) at
ground, then the entire input signal voltage V., is dropped across R,. From Ohm’s law,

As already noted, virtually all I, goes through the feedback resistor R, The voltage

across Rfis the difference between virtual ground and V . Thus, we can write Ohm’s
law equation for R;:

0 - Vout
hhy=1=""R ’
Combining the two previous equations,
Vin _ 0 — Vout
R, ~ R,
Solving for V_  and rearranging gives us
Vout = Ri
Vout _ __Rf
Vin Ri
However, V_ /V. 1is the voltage gain, so
—Ry
A= R (3.2)
where
A,, = voltage gain of the inverting amp

R, = value of the feedback resistor
R; = value of the input resistor

This result (Equation 3.2) shows us that the voltage gain of the inverting amp is simply
the ratio of the two resistors R and R;. The minus sign reminds us that the output is
inverted. The gain derived in Equation 3.2 is called the closed-loop gain and is always
lower than the (open-loop) gain of the op-amp by itself.
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Figure 3.11
An inverting amplifier
circuit (Example 3.2).

Another important point is that the input impedance for the entire inverting amp is
approximately R, (not infinite as one might think). Figure 3.10 shows this: The right
end of R, is at virtual ground; therefore, the entire V, is “dropped” across R,.

EXAMPLE 3.2

An inverting amp is to have a gain of 10. The signal source is a sensor with an
output impedance of 1 k€. Draw a circuit diagram of the completed ampli-
fier.

SOLUTION

First, select a value for R,. Because R, essentially determines the amplifier’s
input resistance, it should be at least ten times higher (if possible) than the sig-
nal source impedance to ensure maximum voltage transfer. In this example,
we select R, = 10 k€. Next, rearrange Equation 3.2 to solve for Rf:

Rf=—ARl.
=—(-10) x 10 kQ = 100 kQ

Figure 3.11 shows the completed circuit.

Noninverting Amplifier

Many situations call for an amplifier that does not invert the output. For example, the
output of a temperature sensor might be such that as the temperature goes up, the
voltage goes up. If this is the same relationship that the controller wants, we don’t
want the amplifier to invert it. The circuit for the noninverting amplifier is shown
in Figure 3.12. It is similar to the inverting amp except the input signal V, now goes
directly to the noninverting input and R, is grounded. Notice that the noninverting
amp has an almost infinite input impedance (R,) because V, connects only to the op-
amp input.

Ry
AW
100 kQ
v, A
AW -
10 kQ
1kQ 0 Vou
T +
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Figure 3.12 A
The noninverting Wy
amplifier circuit. R Iy
i
Iy
) Iin —0 Vour
(Rin ) Vin o V2 *

An explanation of how the circuit works is as follows: If V| is virtually the same
as V,, then the voltage input (V, ) appears across R,. Applying Ohm’s law to R,, we can
calculate I : Vo0

mn —

i
The current in R, can also be calculated using Ohm’s law. We know the voltage
across Rfis the difference between V; and V_ . Therefore,

I Vout — Vin
! R,
Because no current enters the inverting input of the op-amp, all current in R - must go
into R;: ‘
Iin =1 f

Combining these three equations gives us
Vin—0 Vout — Vin

han=l="gr =&
Solving for V_  and rearranging gives us
RfVin
out Vin = Ri
RVin Ry
out = Ri + Vin = Vin(Ri + 1)
Vout _ & +1
Vin - Ri
Vout/. ., 18 the voltage gain, so the resulting equation for the gain of the noninverting
amp is
Ry
Ay=p+1 (3.3)

1
where

A,, = voltage gain for the noninverting amp
R.= value of the feedback resistor
R, = value of the input resistor
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Figure 3.13
A noninverting amplifier
circuit (Example 3.3).

R;
M
38 kQ
R;
I )
) —o0 Vout
Vi, o +

EXAMPLE 3.3

Draw the circuit diagram of a noninverting amp with a gain of 20.

SOLUTION
Using Equation 3.3 and putting in a gain of 20,

Ry
=20=" +1

(4

Ay

Rearranging gives us
- =19 or Rf: 19 X R,

Now select R; to be an appropriate value (as explained below) and solve for R " If
we select R, to be 2 k€2, then

Rf=19><Rl.:19><2kQ:38kQ

Figure 3.13 shows the completed circuit. The basis for selecting both R; and R, is
that the current in these external resistors should be much larger than the small cur-
rent that actually enters the op-amp (recall that the op-amp equation was based on
the assumption that no current enters the op-amp). Therefore, both R, and Rf should
be at least ten times smaller than the op-amp input resistance—in this case, no
more than 100 k€ if possible.

Summing Amplifier

The summing amplifier has an output voltage that is the sum of any number of input
voltages. Figure 3.14(a) depicts this situation. In this case, the amplifier would add the
input voltages of 1 V, 2V, and 4 V and give an output of 7 V. You might be tempted to
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Figure 3.14
Connecting the
wires does not
sum the voltage.

Figure 3.15
The summing
amplifier circuit.

1V Y
?

2V 7V 2v}1'—4v

4v 4V

(a) (b)

think you could do this by simply connecting the wires as shown in Figure 3.14(b), but
the output of that circuit would be something between 1 and 4 V depending on which
source was the “strongest” (had the lowest resistance).

Figure 3.15 shows the summing amplifier circuit. Each input signal goes through
a separate resistor that keeps it isolated from the others. The inverting input is used, so
the output will be inverted. An explanation of how it works is as follows: Because the
op-amp input draws no current, all individual input currents must combine and go
through the feedback resistor R "

L=1,+1,+1, 3.4

Note that V, is grounded, so V/ is at virtual ground. Therefore, the voltage across each
of the four resistors is simply V, V,, V, and V_ . Applying Ohm’s law to express the

current through each resistor, we can rewrite Equation 3.4 as follows:
0-Vou Vo Vo Ve
f a ¥ R, ¥ R,

Solving for V_

ut’

R, By, R
Vout = _(ITVa + _Vb + R_Vc)

13 C Vout
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In other words, the output voltage equals the sum of the products of the input voltages
and their respective gains. Also, the input impedance of each input equals the value of

the respective input resistor (R, R,, etc.).

If R, =R, =R, =R, the output of the summing amp simplifies to:

Ry
Vo= _E(Va +V,+V) (3.5)

i

where
V__ = output voltage of the summing amp

t
% = value of the feedback resistor

R, = value of all input resistors
V,V, V. =input signal voltages

Equation 3.5 shows that the output voltage V_  is equal to the sum of the input voltages
times a gain factor of R f/Ri. The minus sign reminds us that the output is inverted.

EXAMPLE 3.4

According to a comfort scale, the air conditioning in a building should come
on when the sum of the temperature and humidity sensor voltages goes
above 1 V. A threshold circuit in the air conditioner requires 5 V for turn-on.
Design an interface circuit to connect the two sensors to the air condition-
ing unit.

SOLUTION

This circuit requires a summing amplifier with two inputs and a gain of 5. By
specifying both input resistors to be the same (at 1 k€2), we can use Equation
3.5, and our only calculation concerns the gain portion of the equation:

Ry
A= R =5
Rearranging gives us
R,=5XR,

When Rf= 1 kQ,
Rf=5><1kQ=5kQ

Figure 3.16 shows the completed circuit. Notice that an inverting amp with a
gainof 1 (R, = R) was added to make the final output positive.
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Figure 3.16
A summing
amplifier circuit
(Example 3.4).

Figure 3.17
The differential
amplifier circuit.

Inverter
5kQ A
MWy 1kQ
v, 1kQ Wy

Temperature ANN—2 - 1 KO
AW

- v, 1kQ .
Humidity (V.5 V) x5

Differential and Instrumentation Amplifiers

A differential amplifier amplifies the difference between two input voltages. In the
circuits we have examined thus far, the input voltages have been referenced to ground,
but the op-amp can be the basis of a practical differential amp as well. Figure 3.17
shows such a circuit. As before, the gain is established with resistors. This circuit will
amplify a differential voltage, which is the difference between the two voltage levels
V_and V,, when neither is ground. The output of the amplifier (V) is a single voltage
level referenced to ground, sometimes called a single-ended voltage. If R, = R, and
R = R o which is usually the case, then the equation for Vout 18

Ry
Vou= g V=V (3.6)
R . .
earranging gives us Vou R
(Vb - Va) - Ra
Vou/(V,, = V) is output/input, which is a gain, so
R
A, = R, 3.7
Ry
WY
R,
Vo o— WV -
R, —0 Vot
Vo o—AWV +
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where

A,, = voltage gain of the differential amp
Rf= value of Rf and Rg

R, = value of input resistors, R, and R,

As with the basic op-amp, the polarity of the output (V_ ) will be positive when
the input V, is more positive than input V . The selection of resistor values R and R,
is based on a compromise. If they are too high—say, over 100 kQ2—then the currents
may be so small that our basic op-amp assumptions won’t hold (for example, the
assumption that all current in R goes through Rf). On the other hand, if the resistances
are too low (less than ten times the source resistance), then a considerable amount of

attenuation will occur before the signal even gets to the amp.

EXAMPLE 3.5

A differential amp is needed to amplify the voltage difference between two
temperature sensors. The sensors have an internal resistance of 5 kQ, and the
maximum voltage difference between the sensors will be 2 V. Design the dif-
ferential amp circuit to have an output of 12 V when the difference the inputs

is2 V.
SOLUTION
First calculate the gain required:
Vout 12V

in
By letting R, = R, and R.= R, we can use Equation 3.7. Noting that the sen-

sor impedance is 5 kQ, we would like the input resistance of the amp to be at
least ten times 5 k€. Therefore, if we select R, = 50 k€2, then

Ry
A= R =6
solving for Rf
R.=R, <6

=50 kQ x 6 =300 kQ

Figure 3.18 shows the completed design.

Sometimes information is transmitted as a differential signal, which means that the
actual signal voltage is the difference between two wires (where neither wire is ground).
Such a signal could be converted into a regular (ground-referenced) voltage by a dif-



OPERATIONAL AMPLIFIERS AND SIGNAL CONDITIONING 77

Figure 3.18
A differential
amplifier circuit
(Example 3.5).

Figure 3.19
The instrumen-
tation amplifier
circuit.

Ry
2 'A'A%
R, 300 kQ
50 kQ
2'A'A% =
ol ¥ o v
' 5 kO 1 50 kQ
: | W .
: N '
| |
 Olisws | Ao
T |
Temp 1 i i )
| 1L
| - |
Temp 2

ferential amplifier. The advantage of this system is that it reduces the effect of electri-
cal noise. A noise signal would tend to couple onto both wires; for example, a positive
voltage noise “spike” would cause a positive spike in both wires, which would be can-
celed out by the differential amplifier (because only voltage differences are amplified).
This is called common mode rejection.

An instrumentation amplifier is a differential amp that has its inputs buffered
with voltage followers, as shown in Figure 3.19. Voltage follower circuits on the inputs
perform three desirable functions: (1) They increase the input resistance so that the
source (such as a sensor) will never be loaded down, (2) they make both input resist-
ances equal, and (3) they isolate the gain-defining resistors (R, R, etc.) from the sig-
nal source. This last quality means that instrumentation amps can be prebuilt to have a
specific gain.

A data sheet for the Burr-Brown PGA204 instrumentation amplifier is shown in
Figure 3.20. This type of instrumentation amplifier is known as a programmable gain
instrumentation amplifier because the gain is selectable with digital inputs. Packaged

Ry
~ AWV
. o_>7 e .
From R, —0 Vout
source N J ANV +
>
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Figure 3.20
Data sheet for the
PGA204 instru-
mentation ampli-
fier. (Courtesy

of Burr-Brown
Corp.)

BURR - BROWN®

PGA204
PGA205

Programmable Gain
INSTRUMENTATION AMPLIFIER

FEATURES

@ DIGITALLY PROGRAMMABLE GAIN:

PGA204: G=1, 10, 100, 1000V/V
PGA205: G=1, 2, 4, 8VIV

® LOW OFFSET VOLTAGE: 501V max

@ LOW OFFSET VOLTAGE DRIFT: 0.25uv/°C
® LOW INPUT BIAS CURRENT: 2nA max

® LOW QUIESCENT CURRENT: 5.2mA typ
® NO LOGIC SUPPLY REQUIRED

® 16-PIN PLASTIC DIP, SOL-16 PACKAGES

APPLICATIONS

® DATA ACQUISITION SYSTEM
® GENERAL PURPOSE ANALOG BOARDS
©® MEDICAL INSTRUMENTATION

DESCRIPTION

The PGA204 and PGA205 are low cost, general pur-
pose programmable-gain instrumentation amplifiers
offering excellent accuracy. Gains are digitally se-
lected: PGA204—1, 10, 100, 1000, and PGA205—1,
2,4, 8V/V. The precision and versatility, and low cost
of the PGA204 and PGA205 make them ideal for a
wide range of applications.

Gain is selected by two TTL or CMOS-compatible
address lines, A, and A,. Internal input protection can
withstand up to +40V on the analog inputs without
damage.

The PGA204 and PGA205 are laser trimmed for very
low offset voltage (50uV), drift (0.25uV/°C) and high
common-mode rejection (115dB at G=1000). They op-
erate with power supplies as low as 4.5V, allowing use
in battery operated systems. Quiescent current is SmA.

The PGA204 and PGA205 are available in 16-pin
plastic DIP, and SOL-16 surface-mount packages, speci-
fied for the -40°C to +85°C temperature range.

+15V

1uF
VS’
1 -~
- 4 Over-Voltage! PGaz0d
Vi O————————— + Pi‘u”s Feedback
A, W YW
- 25kQ 25kQ
16 F_L—— -
Digitalty
15 | F Network :l A oY
14 *
Vo =G (Va- Vi)
- Ref
A, YW YW
+ 5| |Over-Voltage 10
Vin © Protection }‘/}/ 25ka 25k _'].—_
8 $7 9 8
o) WF Sometimes shown in simplified form:
VOS V02
GAIN o o Adj }‘1 -
PGA204 | PGA205 | A, A, — Vis ,:G 204
1 1 00 +15V v — Vo
10 2 0 1 o (L :
100 4 1.0 o] —
1000 8 |1 1 A A )




OPERATIONAL AMPLIFIERS AND SIGNAL CONDITIONING 79

Figure 3.21
An integrator
circuit.

as a 16-pin IC, the PGA204 has four fixed gains of 1, 10, 100, and 1000, which are
selected by two digital inputs (00, 01, 10, 11). These amplifiers are useful in applica-
tions where signals of vastly different voltages are digitized by the same ADC (analog-
to-digital converter). In such a system, the digital controller could switch to the
appropriate gain for each different signal level.

Integrators and Differentiators

Op-amp circuits can be designed to integrate or differentiate an incoming waveform.
These special-purpose circuits are likely to be found only inside an analog controller
(as discussed in Chapter 11).

Figure 3.21 shows an integrator circuit. Notice that the feedback element is a
capacitor. The integrator gives an output voltage (V) that is proportional to the total
area under a curve traced out by the input voltage waveform (the horizontal axis being
time), as specified in Equation 3.8:

Vo= _R_C X (area under V, - time curve) 3.8)
where
V__ = output voltage of the integrator

out
R, C = values of components in Figure 3.21

The integrator circuit works by converting V., into a constant current source that
forces the capacitor (C) to charge at a linear rate, thus building up the voltage across C.

The integrator concept can be explained by the sample waveforms shown in Figure
3.22 (which assumes RC = 1). Notice that the integrator input voltage (V; ) rises from 0
to 1 V in the first 10 s. The triangular area under that portion of the curve (a-b)is SV - s,
so the output (V) of the integrator goes from 0 to -5 V during the same time. In other
words, the output voltage ends up being the same magnitude as the area under the curve,
in this case 5 ( the minus sign appears because it is an inverting amp). From time b to c,
V,, remains at 1V, so the new area added is 10 V - s. Consequently, the magitude of V_
increases by 10 to become —15 V at time c. Then, V., returns to 0 V. Because no new

Ry
=AW -
: Cc
|

-

— O V.

1 (area under )
out —

" Rc ~ \V,, e time curve
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Figure 3.22
The voltage b c
waveform of an = 1F
integrator circuit. =
('V,,=-V-sin > Area
this case because S 2/ Area =10
RC=1)) =5 d
|
0 10 20 30
Time (sec)
Time (sec)
0 10 20 30
T T T
— 5 -
>8
—-10 +
_1 5 -
area is added between ¢ and d, Vout remains at —15 V. Integrators can be useful because
they keep a record of what has gone on before.

The simple integrator circuit shown is not practical, because any offset voltage (and
there is always some) will eventually cause the output to build up and saturate at the
power supply voltage. One solution is to put a resistor (R f) across the capacitor to pro-
vide some dc feedback. If the value of R.is at least 10 times greater than R, the circuit
performance will usually not be adversely affected.

Figure 3.23 shows a differentiator circuit. The differentiator gives an output volt-
age that is proportional to the rate of change (slope) of the input voltage, as specified
in Equation 3.9:

Figure 3.23 R
A differentiator YWy
circuit. c
Vin © It =
AVi,
—0 Vo = —RC x
At
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1 AVin
Vau="RC* ar (39)

where
V..« = output voltage of the differentiator

R, C = values of components in Figure 3.23
AV, /At = rate of change, or slope, of V.|

The differentiator concept is illustrated in Figure 3.24 (which assumes RC = 1).
From time a to b, the input voltage (V; ) is 0V, and because it is not changing, the out-
put voltage (V) is O V. During the time period b-c, V, increases at a constant rate of 1
VI/s, so the V curve reflects this by staying at a constant —1 V (it is negative because
the inverting input is used). From time c to d, the slope of V, increases to 2 V/s,so V_
jumps to -2 V. After time d, V,, stays at 3 V, and because it is not changing, V_  is 0.
Differentiators can tell us how fast a variable is changing. In practice, however, they
suffer from the problem that even a small amount of noise in the input will be accen-
tuated, giving a very “noisy” output.

Figure 3.24
Voltage wave- d
forms of a o
differentiator. —~
(*Voul = _Vin %
this case 2 B
because S
RC=1) i ¢
a b
| |
0 1 2 3
Time (sec)
Time (sec)
0 1 2 3
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Decibels (db)

Amplifier and filter gains are frequently expressed in decibels (db), named after
Alexander Graham Bell. The decibel is an expression, on a logarithmic scale, of how
much greater (or smaller) the output is than the input. The original idea was to use deci-
bels to express power gains using Equation 3.10.

Apy,=10log Ap (3.10)

where
Apg, = power gain in decibels
Ap = simple power gain (called the “straight gain”)

As it turns out, it is more common to measure voltage gain than power gain, because voltage
gains are easier to measure and calculate. The equation for decibels voltage gain is given
in Equation 3.11 and used in Example 3.6 to calculate the decibels gain of an amplifier.

Avy, =20 log Av (3.11)

where
Av,, = voltage gain in decibels
Av = straight voltage gain

EXAMPLE 3.6
An op-amp design has a voltage gain of 5000. Find the voltage gain in decibels.

SOLUTION
Apply Equation 3.11 to find the voltage gain in decibels.

Avy, =20 log Av = 20 log 5000 = 74db

Therefore, the amplifier voltage gain expressed in decibels is 74 db.

EXAMPLE 3.7

An amplifier is said to have a voltage gain of 45 db. Find the straight voltage
gain.

SOLUTION

Rearrange Equation 3.11 to solve for Av.
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Adb
— antiloo —— = 1(0(Adb/20)
Av = antilog 20 = 10
Av = 10%20 = 10225 = 178

Therefore, the straight voltage gain of the amplifier is 178.

The db system tends to expand small-gain numbers and compress the large-gain numbers.
This can be clearly in Table 3.1. Looking at the table, we can make further observations:

1. A straight gain of 1 (meaning no gain or loss) is 0 db.

2. A straight gain of 2 (meaning the output is twice as great as the input) corresponds to
6 db.

3. A straight gain of 0.5 (which is really an attenuation because the output is only half
as great as the input) corresponds to —6 db. You can see that all attenuations are neg-
ative decibels.

4. When a straight gain goes up (or down) by a factor of 10, the decibel gain changes by
adding (or subtracting ) 20 db.

Using these observations, we can come up with a simple procedure that will allow
you to come up with a close estimate of decibel gain with pencil and paper (or in your
head!). This procedure is demonstrated in Example 3.8, which uses the following rules:

1. Factor the straight voltage gain into multiples of 10 and multiples of 2.
2. For each multiple of 10, add 20 db
3. For each multiple of 2, add 6 db.

TABLE 3.1

Voltage Gain Expressed in Decibels

Straight voltage gain, Av Decibel gain, Av,

0.01 -40 db

0.1 -20 db
0.25 -12db
0.5 -6 db

1 0db

2 6 db

4 12 db

10 20 db
100 40 db
1000 60 db

10,000 80 db
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EXAMPLE 3.8

Estimate the decibel gain for the amplifier of Example 3.6 .

SOLUTION

The amplifier of Example 3.6 had a straight voltage gain of 5000. The first
thing to do is factor 5000 into multiples of 2 and of 10 as best we can.

5000 =5x10x 10 x 10 (Notice that 5 is almost 4, which is 2 X 2.)
=2x2x10x10x 10

Now we add 6 db for each 2% and add 20 db for each 10x
6+6+20+20+20=72db

Notice that our estimate of 72 db is pretty close to the actual answer of 74 db.

You can reverse this procedure to estimate the straight voltage gain from the decibel
gain.This is demonstrated in Example 3.9, which uses the following rules:

1. Break up the decibel gain into the closest match of addends of 6 and 20.
2. For each addend of 6, multiply by 2 (for each addend of —6, multiply by 0.5)
3. For each addend of 20, multiply by 10 (for each addend of —20, multiply by 0.1)

EXAMPLE 3.9

Estimate the straight voltage gain for the amplifier of Example 3.7.

SOLUTION

The amplifier had a voltage gain of 45 db. The first thing to do is break up 45
db into addends of 6 db and 20 db as best we can.

45db = 5db+20db+20db (Notice that 5 is almost 6.)
= 6 db + 20 db + 20 db

Now multiply by 2 for each 6 db, and multiply by 10 for each 20 db.
2% 10x 10 =200

Notice that our answer of 200 is pretty close to the actual answer of 178.

Using decibels makes it easier to calculate the overall gain of a system. A signal may
have to go through many modules on its way to its final destination, and each module
could act as either an amplifier or an attenuator. If you know the decibel gain for each
module, all you have to do is add them up to get the overall gain (straight gains have to
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Figure 3.25

Total decibel gain in an

antenna system.

Receiving
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+10db (directional gain)*
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+20db

+10db -3db —6db —6db +20db = +15db

*The design of the antenna can boost the gain in a certain direction over what a simple antenna could do.

be multiplied). This principle is demonstrated in Figure 3.25 for an antenna system. You
can see that the signal goes through four modules, each with its own gain or loss, but
the overall gain is easily calculated to be 15 db.

Active Filters

Filter circuits either pass or stop signals, depending on frequency. Figure 3.26 shows
the responses of some basic types of filters. The low pass filter [Figure 3.26(a)] allows
only frequencies below the cutoff frequency (f)) to pass. Frequencies above f, are atten-
uated. The actual cutoff frequency is defined as the frequency where the gain drops to
0.707 (-3 db) of its pass-band value. The steepness of the attenuation depends on the
type of filter. A common single-stage R-C filter (described below) decreases the signal
by a factor of 10 each time the frequency goes up by 10 (or —20 db per decade). The
high-pass filter [Figure 3.26(b)] tends to reject signals with frequencies below the cut-
off frequency and pass those above. The band-pass filter [Figure 3.26(c)] passes signals
with a range of frequencies between £, and f , and rejects all others. The notch filter
[Figure 3.26(d)] rejects only a narrow range of frequencies and passes all others.

Some of these filters are particularly useful for signal conditioning in control sys-
tems. For example, sensors reporting such things as temperature or flow rate have rel-
atively slow-changing signals. A low-pass filter would allow the sensor signal to pass
while rejecting higher-frequency electrical noise, as from motors or relays. The notch
filter is also particularly useful. It can be used to attenuate a particular noise frequency,
such as 60 Hz, and pass everything else.



86 CHAPTER 3

Figure 3.26
Basic filter
responses.

Figure 3.27
A low-pass
filter circuit.
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Theoretically, filters can be constructed entirely from passive components (R, C, L).
In practice, such filters tend to change characteristics when inserted in a circuit because
the impedances interact. The op-amp can solve this problem by providing impedance
isolation between the filter and the circuit it’s driving, and provide some gain as well.
A filter using an op-amp is called an active filter. Figure 3.27 shows a single-stage low-
pass filter incorporating an op-amp. Notice that this is basically a noninverting amp
with an R-C filter connected to the input. The performance of this filter can be described
with Equations 3.3 and 3.12:

R
Gain=A, = Ef +1 (3.3 repeated)
' 1
Cutoff frequency (low- and high-pass filters) = f = 2MRC (3.12)
Ry
MW\
R;
MWV -
1
B —0 Vour
Vin o MWV + 1

f =
=C ° 2nRC
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Figure 3.28
A high-pass
filter circuit.

Figure 3.29
A Wein Bridge
notch filter
circuit.
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Figure 3.28 shows a single-stage high-pass filter. It is similar to the low-pass filter
but the positions of the R and C are reversed. The equations for the gain and cutoff fre-
quency are exactly the same as for the low-pass filter (but the meaning of f, is different—
see Figure 3.26).

A band-pass filter can be built by cascading a low-pass filter and a high-pass filter
together. The cutoff frequency of the low-pass filter (f,,) must be higher than the cut-
off frequency of the high-pass filter (f,,), as indicated in Figure 3.26(c).

Figure 3.29 shows an op-amp notch filter. The filter itself is a Wein Bridge type.
The gain of the signal is 1 at all frequencies except near the notch. The frequency (f),
which is suppressed or “notched out,” can be calculated from Equation 3.13:

1
Notched frequency (Wein Bridge notch filter) = f, = 7RC (3.13)

Comparator

A typical situation in a control system is a slow-moving analog signal from a sensor
being used to trigger some event. Such an interface requires a threshold detector circuit

R R —0 Vout
Vo o 1WA —| ¢ 1
2C "“2nRC
B =
2

9]
9]
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Figure 3.30
A comparator
circuit.
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that will switch from off to on when a specified input voltage level is reached. A com-
parator is such a circuit (Figure 3.30). It is really an op-amp that is specially designed
for this application (regular op-amps usually aren’t stable enough). Comparators are
usually operated open-loop so that if V, is even slightly more positive than V|, the
tremendous gain will amplify the small difference and drive the output into positive sat-
uration (close to +V). On the other hand, if V/ is slightly more positive than V,,, the out-
put will go to negative saturation (—V). The output is essentially digital in nature—either
on or off depending on a very small change in the inputs. This concept is best demon-
strated in an example.

EXAMPLE 3.10

The blower on a hot-air solar panel should come on when the temperature
reaches 100°F. An analog temperature sensor in the solar panel needs to be
interfaced to a digital controller such that the controller receives a 5 V switch-
on signal when the sensor voltage reaches 2.7 V. Design the interface circuit.

SOLUTION

Figure 3.31(a) shows the interface circuit. The signal from the sensor is con-
nected to the noninverting input of the comparator. The inverting input comes
from a voltage divider that yields a precise reference voltage of 2.7 V. Notice
also that the supply voltages of the comparator are 5 V and ground.

As long as the sensor voltage is below 2.7 V, the reference voltage at the
inverting input predominates, and the output will try to go negative. In this
case, the output will go to about 0 V because that is what the negative supply
voltage is. When the sensor voltage goes only slightly above 2.7 V, the nonin-
verting input becomes positive compared with the inverting input, and the out-
put saturates positive, which is about 5 V. The switch-on point can easily be
adjusted by changing the reference voltage resistors.

One practical problem with comparators is known as chatter, the condition that
occurs when the output (V) oscillates back-and-forth when V. is near the thresh-
old. Chatter is caused by noise on the V, signal or some sort of undesirable feedback,
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Figure 3.31
Comparator
circuits.
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(b) Window comparator circuit

say, through the power supply. Practical circuits overcome chatter by using a win-
dow comparator [Figure 3.31(b)], a comparator with built-in hysteresis. In this dis-
cussion, hysteresis means that the switch-on voltage will be greater than the switch-off
voltage. For example, if hysteresis were added to the system of Example 3.10, the
switch-on voltage might be 2.8 V, and the switch-off voltage might be 2.6 V.
Ilustrating this situation, Figure 3.32(a) shows the ideal single-threshold system with
a noiseless signal. Figure 3.32(b) shows how chatter results if the signal is noisy.
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Figure 3.32
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Finally, Figure 3.32(c) shows how a system with a switch-on and switch-off threshold
can eliminate chatter.

Figure 3.31(b) shows one type window comparator that is built from two op-amps and
an R-S flip-flop. When the temperature-sensor voltage rises above 2.8 V, op-amp A switches
on and sets the flip-flop. Once set, the flip-flop will stay set until the temperature volt-
age goes below 2.6V, in which case op-amp B will switch on and reset the flip-flop.

3.2 SPECIAL INTERFACE CIRCUITS

A number of special-purpose interface circuits are useful in certain applications. Some
common ones are discussed in this section.

The Current Loop (Voltage—Current Conversion)

Most signals are voltage signals, which means that the information being conveyed is
proportional to the voltage. Two potential problems with this can arise: Susceptibility
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Figure 3.33
Signal voltage
is reduced from
wire resistance.

Figure 3.34
A current-loop
circuit.
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to electrical noise increases (which is usually in the form of voltage spikes), and any
resistance in the signal wire causes a voltage drop. For short distances, wire can usu-
ally be effectively shielded from noise, and voltage drops are not a problem. For longer
cable runs with numerous connectors, such as might be found in a process control sys-
tem in a large factory, noise and total cable resistance may become significant. Figure
3.33 illustrates this situation. Notice that the signal from the sensor has been greatly
diminished by the cable resistance.

One solution to the problems of noise and signal attenuation is to use current
instead of voltage to convey the information. This is effective because current,
unlike voltage, is not as susceptible to noise and does not drop when it goes through
a resistance. As Kirchhoff’s current law tells us, whatever current goes into a
branch, comes out. This is illustrated in Figure 3.34. Notice that the signal emerges
from the source, travels to the receiver, and then loops back again to the source.
The receiver does not siphon off any current but merely senses it; therefore, we have
a current loop, which goes from source to receiver and back to source. Any resistance
in the wires cannot alter the fact that the current remains the same throughout the entire
loop.

Op-amps can be used to implement both the transmitter and the receiver in a cur-
rent-loop system. Figure 3.35 shows a transmitter circuit. This circuit converts a volt-
age signal (V, ) into an output current (/_ ), which is proportional to V, . The op-amp
circuit causes the output current to be independent of any resistance in the line. It
accomplishes this by automatically increasing or decreasing its output voltage (V) in
response to any increasing or decreasing line resistance.

ut:

L

. . Receiver
Source Wire resistance
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Figure 3.35

The op-amp as
a current-loop

transmitter.

Figure 3.36
The complete
current-loop
system.
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The explanation for how the circuit of Figure 3.35 works is as follows: Recall that
for an op-amp we can assume V/, is virtually the same as V,; therefore, the voltage
across R must be V. . Applying Ohm’s law to R, we get

[ om

R=R (3.14)
where I, is the value of the current in resistor R. The source of 7, cannot be the — input
of the op-amp, so it must be coming through the loop. The loop current (as specified in
Equation 3.14) is dependent only on the input signal voltage (V, ) and the resistor R,
not by any line or load resistance.

Once the current signal gets to the receiver, it needs to be reconverted back into a
voltage. In other words the receiver is a current-to-voltage converter. A resistor is
the most direct way to convert a current into a voltage, but we have a special problem
here. We have to detect the voltage across the load resistor, without knowing where
this voltage is with respect to ground. Consider the complete current-loop circuit in
Figure 3.36. The receiver resistor (Rm) is “floating,” that is, neither end is grounded.
(If we ground the bottom of R, current can “escape” from the loop, and the whole
concept will fall apart.) The problem is solved by using a differential amplifier as the
receiver, as illustrated in Figure 3.36. The differential amplifier samples and amplifies
only the voltage difference across the receiver resistor. The differential amp must be
designed to have a high input resistance to prevent any significant amount of current
from leaving the loop at the receiver. The output of the differential amp is a single-
ended voltage that can be referenced to ground. To calculate this voltage:

AW

Cable

= Differential amp
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Figure 3.37
The analog
switch symbol.

Voltage across the receiver resistor: V, = IR
where

I =1oop current
R_ . = receiver resistance

Output voltage of the receiver: V , =A V. =A/IR

rec

where
A, = differential amp voltage gain

The current-loop technique is one of the industry standard methods of connecting con-
trollers to sensors and/or actuators. The standard system specifies a current range of 4-20
mA, where 4 mA corresponds to the minimum signal and 20 mA corresponds to the max-
imum signal. For example, if a sensor puts out a signal in the range of 0-5V, then 4 mA in
the current loop would correspond to 0 V from the sensor, and 20 mA would correspond
to 5 V. The nonzero minimum (4 mA) is used to detect circuit opening and to minimize
the effect of electrical noise. If the current is less than 4 mA, then the assumption is that
something has failed. Transmitters and receivers in the range 4 to 20 mA are available in
IC form; for example, the Burr-Brown RCV420 receiver converts 4-20 mA to 0-5 V.

Analog Switch Circuit

An analog switch (also known as a transmission gate) is a solid-state device that allows
analog signals to pass through or not. It performs the same function as a mechanical
switch but has some definite advantages: It is smaller and more reliable, it uses less
power but is faster acting, and it doesn’t have mechanical parts to wear out. The ana-
log switch is usually activated by a digital control signal.

Figure 3.37 shows the symbol of an analog switch. Each switch has three termi-
nals: analog in, analog out, and logic in. Some models allow signals to pass in either
direction like a mechanical switch, whereas others are unidirectional. The logic-in input
is the control signal that closes or opens the switch. Typically, the circuits are packaged
in an IC. Figure 3.38 shows the ADG 201A (Analog Devices) which contains four sep-
arate analog switches.

The switch itself is an FET (field effect transistor) (FETs are discussed in Chapter 4).
Being a semiconductor, the FET has some resistance even when the switch is on

|
|
o—+——0 Analog out

Analog in |

|
|
:
Logic in © |
|
|
|
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Figure 3.38
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(closed). This “on” resistance is typically 60 Q. To keep this resistance from dropping
signal voltage, the load resistance should be much greater than 60 . The “off” resist-
ance of the analog switch is very high, typically 1 MCQ or more.

The analog switch is frequently used to connect two or more sensors to a single ADC.
Figure 3.39 shows a system where three sensors are serviced by one ADC. The controller
can activate each analog switch, thus connecting itself with the sensor it wants to read.
The operation of switching through one input at a time is called multiplexing. Analog
multiplexing circuits are available in IC form. Figure 3.40 shows the ADG 508A (Analog
Device), an eight-channel analog multiplexer. A binary code placed on inputs AQ, A1, and
A2 will cause one of the eight input signals to be switched through to the output.

The ADCO0809 multiplexer from National Semiconductor (not shown) is an IC that
includes an 8-bit multiplexer and an ADC in one package. It is a very useful chip and
found in many designs.
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Figure 3.39
Three sensors
switched into a
single analog-
to-digital con-
verter (ADC).

Figure 3.40
The ADG 508A eight-
channel analog multi-
plexer circuit.
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Sample-and-Hold Circuit

A sample-and-hold circuit can read in, or sample, a voltage and then remember, or
hold, it for a period of time. The function of this circuit can best be described in an
example. Consider the system discussed in the previous section, where three analog
signals were interfaced to a digital controller. Now add an additional constraint that all
three sensors be read at exactly the same time. Assuming that just one ADC is avail-
able, the only way to meet this requirement is to include three sample-and-hold circuits
as shown in Figure 3.41. By command from the controller, all three sample-and-hold
circuits will take voltage readings and store the results. Then at the convenience of the
system, these values can be read one-at-a-time by the controller.
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EN | A2 | A1 | AO "(‘gnc
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Figure 3.41
An example
of using
sample-and-
hold circuits.

Figure 3.42
A sample-and-
hold circuit.
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There is another reason why a sample-and-hold circuit might be used in conjunction
with an ADC. For the ADC to give an accurate output, the analog input should be con-
stant during the read-in time. If the analog signal is changing too fast, the sample-and-
hold circuit can be used to “freeze” the input voltage during the conversion.

Figure 3.42 shows the schematic of a sample-and-hold circuit, which consists of
an analog switch, a capacitor, and a voltage follower amplifier. To take a sample, the
analog switch is closed for a period of time long enough for the capacitor to charge up
to V. ; then the switch is opened. The signal voltage is trapped on the capacitor because
(theoretically) it can’t discharge through either the op-amp or analog switch. The volt-
age can be read anytime via the output of the voltage follower. Recall that the gain of
a voltage follower is 1.

For the sample-and-hold circuit to work, certain conditions must be met. First, the
switch must be closed long enough for the capacitor to charge up to the full value of
V.- The time required depends on the sizes of R_(source resistance) and C, according
to Equation 3.15 (which is based on 5 RC time constants):

t=5RC (3.15)

where 7 is the time for C to charge to 99% of V. . Eventually the charge will leak off,
so the controller must read the capacitor voltage within a certain time. Herein is one of

Analog switch

|
I —
o



OPERATIONAL AMPLIFIERS AND SIGNAL CONDITIONING 97

the trade-offs in the circuit design. A larger capacitor will hold the charge longer, but
it will increase the read-in time because it takes longer to be charged up. As always,
some compromise value of C is selected.

3.3 SIGNAL TRANSMISSION

A control system that performs just fine on a laboratory test bench may not work at all
in the real world. In the lab, the cable runs are short, and the electrical noise is mini-
mum. The real installation may require cable runs of perhaps hundreds of feet, in a dirty,
electrically noisy environment. In this section, we examine some of the problems and
their solutions in the area of signal transmission.

Earth Ground and Ground Loops

Earth ground refers to an electrical connection to the surface of the earth, usually
through a metal rod driven into the ground. Because the earth is not a particularly good
conductor, the ground voltage is different from place to place. Often confused with the
earth ground is the signal common (or signal return), which is a conductor in the cir-
cuit and serves as a common reference point for the other circuit voltages. The signal
common of a circuit is often referred to as the ground, and it may or may not be con-
nected to the earth ground. For a DC circuit, the signal common is usually connected
to the negative terminal of the power supply or battery. An automobile chassis ground
is an example of this. AC signals also have a designated signal return.

With the exception of antenna systems, circuits do not have to be attached to the
earth to work, but most are.” This is done primarily for safety reasons so that high volt-
ages cannot build up between the chassis and the local ground. Consider the situation
illustrated in Figure 3.43(a). A 200-Vac signal is generated in one unit and sent by two
wires to a second unit. The signal common is connected to the chassis, but the chassis
is not connected to the ground. This circuit would work fine electrically, but there is a
potential safety hazard. Due to inductive and capacitive coupling, it is likely that the
200 V signal voltage would align itself as shown, +100 V for the signal and —100 V for
the signal common (and chassis). This is a dangerous situation because anyone stand-
ing on the ground and touching the chassis would get a-100 V shock. In Figure 3.43(b),
the chassis has been connected to an earth ground. Now the voltage of the chassis is 0
V with respect to the earth and is safe to touch, as is the signal common wire.

Sometimes both the source and the receiver are earth-grounded, as shown in Figure
3.44(a). One might be tempted to use the earth as the return path, but this won’t work
because the earth is not a good conductor and probably the two ground points are not

“Mobile and other nongrounded transmitters must make do with an artificial ground plane, such as
the hood of a car, or they inductively and capacitively couple to real ground.
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at the same voltage. Assume that the cable in Figure 3.44(a) is 200 ft long and the
source voltage ranges from 0 to 2 V. The difference in earth voltage for that distance
could easily be 3 V (due to local conditions). It’s a case where the “noise” (3 V) is larger
than the signal (2 V). Connecting a separate signal return wire, as shown in Figure
3.44(b), is not a good idea because we now have a ground loop. A ground loop occurs
when large currents flow in the return wire because of the difference in ground volt-

Figure 3.44 ages. In the circuit of Figure 3.44(b), the wire resistance is 0.3 Q (for wire size AWG
Grounding signal 12), and if there really is a 3 V difference between the two ground points, the ground-
returns can cause loop current would be 3 V/0.3 Q = 10 A. Clearly, it is not desirable to have large, unpre-

ground loops.
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Figure 3.45
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dictable currents running around in your cabling! The solution to the ground-loop prob-
lem is indicated in Figure 3.44(c). This circuit does have a return wire for the signal,
but it is grounded only at one end.

Isolation Circuits

The ground-loop problem can be avoided by simply not connecting both ends of the
signal return to an earth ground. However, sometimes the ground connections have
already been made inside the equipment, in which case the only solution is to use iso-
lation circuits between the source and receiver. An isolation circuit can transfer a sig-
nal voltage without any metal-to-metal contact. This allows for the signal common of
the source to be at a different voltage than the signal common of the receiver.

Figure 3.45 shows a transformer-coupled isolation circuit. The input voltage is used
to amplitude modulate an internally generated AC voltage. The modulated AC voltage
is transformer-coupled to a demodulator, which reconstructs the original input voltage.
The modulation is necessary because most sensor outputs are slow-changing DC, not
AC. Because there is no electrical connection across the transformer coils, the signal
commons can exist at different voltages, and the ground-loop path is broken.

Figure 3.46 shows an optical linear signal isolator. The input signal is amplified to
drive a light-emitting diode (LED). A phototransistor receives the light signal and con-
verts it back to a voltage. Isolation is achieved because the input and output are two
separate circuits with no electrical interconnection. To ensure that the output is an exact
copy of the input, a feedback system using a second phototransistor is incorporated.

LED
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Figure 3.47
Optical coupler
(for digital signals).

Figure 3.48
Interfacing
components
with optical
isolators reduce
noise spikes.

100 kQ

5V — AW 1 kQ (pull-up resistor)

>

(TTL)

o>

(TTL)

A simpler optical device can be used if the signal to be isolated is digital. Digital
signals do not require a linear relationship between input and output (just on and off).
Figure 3.47 shows a typical digital optical coupler. A standard TTL digital device can
drive the input. When the input (V, ) is driven low, a voltage is developed across the
LED causing it to light. This light turns on the phototransistor, which pulls its output
(V) to 0'V. The output of the photocoupler can be connected directly to a TTL gate
with a pull-up resistor as shown.

Optical couplers (sometimes called opto-isolators) are very useful in providing
noise isolation because signals can only travel in one direction through the coupler.
Consider the case shown in Figure 3.48 where a microprocessor controller is required
to drive a relay and a motor. Both the motor and relay can put large voltage spikes on
the line, which could cause the microprocessor to act erratically. The optical coupler
(OC) will not let this noise from the outside world go back upstream into the controller
because the LED is designed to generate light, not receive it.

Another use of the optical coupler is high-voltage protection. Because there is no
electrical connection between input and output, high voltage cannot pass either way.

%i e ;\f ;V_‘Tjg:y

Controller

Motor

ADC

Alellsflel [

Optical couplers
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Figure 3.49
Shielding a conduc-
tor from a magnetic
field. (The shield is
shown thicker than
normal for illustra-
tive purposes.)

Figure 3.50
A wire in an
electric field.

Conductor /;\ Shield

This protects the relatively delicate digital controller circuitry from high voltage spikes
in the actuator power lines.

Shielding

A current through a wire generates a magnetic field around that wire. If another wire
happens to be in the vicinity, the magnetic field from the first wire will induce a cur-
rent in the second wire, proportional to the rate of change of the magnetic field.
Therefore, DC will not induce current in a nearby wire, but AC will. This undesired
induced current is electrical noise. Good design practice dictates that wires with large
AC currents, such as 60-Hz power wires, be kept apart from low-level signal wires.

Shielding cannot block the magnetic field noise, but it can draw it away from the
signal wire. This is shown in Figure 3.49 in a cross-section view. A shielding material
is used that has a low resistance to the magnetic field. For this application, steel is bet-
ter than copper or aluminum. The magnetic lines of force are more inclined to go
through the shield than the air, so the field within the shield is sharply reduced. For this
to be effective, the shield must be relatively thick-walled, and in fact, even a heavy con-
ductor placed near the signal wire will act as a magnetic shield.

Another source of noise is from an electric field. An isolated wire placed in an
electric field will assume a voltage proportional to that field. Figure 3.50 shows a wire

+100V

Wire — +50V

ov
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Figure 3.51
A wire in an
ungrounded
shield.

Figure 3.52
An electrostatic
shield grounded
at one end.

+100V

|
R
INEREYN

in the middle of a 100-V field. The wire will assume a voltage of 50 V. If the field volt-
age is AC, then an AC voltage will be induced on the wire. Large time-varying electric
fields are common in an industrial environment.

Merely putting a conductive shield around a wire will not keep the field out. As
Figure 3.51 shows, the shield itself would acquire a voltage from the field and then rera-
diate this voltage to the wire. However, if the shield is grounded (forced to be 0 V), then
there can be no electric field within the shield, and the wire is protected (Figure 3.52).
For best results, the shield should not be used as the signal return path because the shield
will probably have noise on it (from the shielding action). The ideal setup is shown in
Figure 3.53, where both the signal and the return are contained within a shield and the
shield is grounded at one end.

wn

3.

o

o
|

-
|
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|
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|
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|
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|

oV

Shield-Grounding Considerations

The time to think about grounding is when a system is being designed. A grounding strat-
egy built in from the beginning is better than trying to patch things after the system is
built. We have discussed the fact that shields must be grounded to be effective and that
they should be grounded at only one end. Because the controller is the hub of the control
system, it makes sense to tie all shields together at the controller and ground them there.
This is called a single-point ground and is illustrated in Figure 3.54. It is important that

+100V

ov
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Figure 3.53
A signal and
return contained
within a shield.

Figure 3.54
All shields are
grounded at
one place.

the single-point ground have a solid, low-impedance connection to a real earth ground;
otherwise, noise coming in on one shield will reradiate out on all the other shields.

Sometimes the shield cannot be isolated from ground at the component end. In such
cases, the best approach is to insert an isolation circuit and break the shield at that point
(Figure 3.55). This approach has the advantage of allowing individual components to
be grounded for safety reasons, yet preventing ground loops.

Practical Wiring Considerations
Wire Size

Most electrical wires are made of copper because it is one of the best conductors avail-
able. But even copper has some resistance. This resistance can usually be ignored for
small currents and short runs, but for longer runs and bigger currents, wire size becomes
an issue. The thicker the wire, the less resistance it has, so a thicker wire can carry more
current (than a thinner wire) without heating up, and there will be less voltage drop
along its length. Wire size is specified by the American Wire Gage (AWG) shown in
Table 3.2. Notice that as the AWG # gets bigger, the diameter gets smaller, the resist-
ance (in ohms per 1000 ft ) goes up, and the current capacity goes down.

Generally speaking there are two categories of wire usage: power and signal. Power
wires supply electrical power (for example, to drive larger motors), and signal wires are
used for communication (for example, to connect a limit switch or temperature sensor).
Power wires tend to be in the range of AWG #0000 to #14, depending on the current capac-
ity required. Signal wires tend to be in the range of AWG #18 to #28, depending on the
voltage drop that can be tolerated. As explained earlier in the chapter, sensors that use the
current loop technique are immune to voltage drop problems, so wire size is usually not
an issue. However sensors that output a voltage signal have to be concerned with voltage
drops in the line. Example 3.11 demonstrates how to determine the correct signal wire size.

Controller

Single-point ground — =
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Figure 3.55
Using an isola-
tion circuit to
avoid ground
loops.

Controller

|
il

TABLE 3.2

Isolation circuit

/: .
‘\
|
|
' }_t
-||—

No shield connection

American Wire Gage (AWG) sizes

Diameter ©Q/1000 ft Safe current
AWG # (in.) * at 20°C capacity (A)

0000 (4/0) .528 .0490 230
000 (3/0) 470 .0618 200
00 (2/0) 418 .0708 175
0 372 .0983 150
1 .332 .1240 130
2 292 .1563 115
3 .260 .1970 100
4 .232 .2485 85
6 .184 .3591 65
8 .1285 .6282 45
10 .1019 .9989 30
12 .0808 1.588 20
14 .0641 2.525 15
16 .0508 4.016 10

18 .0403 6.385 6.5
20 .0320 10.15 4

22 .0253 16.14 2.5

24 .0201 25.67 1.5
26 .0159 40.81 1

28 .0126 64.90 5

30 .0100 103.2

“Diameters for AWG #0000 through #6 are for stranded wire
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Figure 3.56
Voltage

drop along a
sensor cable
(Example 3.11).

EXAMPLE 3.11

A temperature sensor connects to a controller 100 ft away using AWG#24 wire
(see figure 3.56). The sensor puts out a voltage from OV to 10V. The controller
has an input resistance of 1K€Q. What will be the maximum voltage drop along
the wire.

SOLUTION

First calculate the resistance of the wire. From the wire table (Table 3.2) we
see that #24 wire has a resistance of 25.67€2/1000ft. The total length of wire
is 100 ft (100ft out and 100 ft back).

25.67Q
0 ft

x 200 ft=5.13 Q

Total resistance of wire =

From ohms law we know that voltage drop is proportional to current, so we
need to determine the maximum expected current in the wire. That will occur
when the sensor is putting out 10 V. Note the circuit resistance is the 1K€ load
plus the wire resistance.

. . 10V
Maximum current in wire = — = 9.95 mA

R 1000Q +5.13 Q

Knowing the current we can calculate the voltage drop along the wire (using
ohms law)

Voltage drop along wire = [ X R =9.95 mA x 5.13Q = .05V

So, in this case the total wire voltage drop is only .05V (.025 out and .025V
back) leaving a signal voltage at the controller of 9.95 V (see figure 3.56).

.025V
Controller
Temp | 4ov 9.95V 1kQ
Sensor
025V
100 ft
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Figure 3.57
Wire types.

Wire Types

Power wire is available as individual insulated wires [see Figure 3.57(a)], or in pre-
made cables. Probably the most common power cable is the nonmetallic-sheathed cop-
per cable shown in Figure 3.57(b), which is available is sizes #2 through #14. You
probably recognize this as standard house wiring cable. Larger power wire is available
as service-entrance cable [see Figure 3.57(c)]. This cable is available in sizes 4/0 (0000)
through #8, usually as stranded copper or aluminum.

Signal wire is used to connect sensors, switches, and small motors and is typically
size #18 to #24. This wire usually comes in pairs that are twisted together, and it may or
may not be shielded. Twisting the wires not only keeps them together, but also reduces
interference problems. Shielding further reduces susceptibility to interference. A typi-
cal twisted shielded pair is shown in Figure 3.57(d).

( ) Solid

E&= Stranded

(a) Individual power wires

==

(b) Non metallic-sheathed cable

Concentric conductor

(c) Service-entrance-power cable

r Foil

54— Bare conductor

(d) Twisted shielded pair communication cable
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Figure 3.58
Cable routing
hardware.

(a) Cable tray

(b) Conduit

Cable Routing

The sheer number of cables in an automated industrial setting requires some organiza-
tion. The individual wires that go out to a sensor or limit switch may just be tied or
clipped to whatever superstructure is handy, but at some point in the system, multiple
cables going in the same direction will be grouped in a cable tray or electrical conduit
(see Figure 3.58). The first rule is to put power and signal lines in separate trays or con-
duits if at all possible, and if they must cross, they should cross at right angles. Even if
the signal wires are in a continuous metallic wire way or conduit, they should be kept at
least 3 inches from ac power lines with up to 20 A and at least 6 inches from ac power
lines with more than 20 A. If the signal wires are not in a metal conduit or tray, the sep-
aration should be doubled.

SUMMARY

The operational amplifier (op-amp) is a linear amplifier packaged as an integrated circuit,
which has the following desirable properties: (1) very high open-loop gain (typically,
100,000 or more), (2) very high input resistance (1M or more), and (3) low output
resistance (50-75 ). With the addition of a few passive components, many different
useful interface circuits can be built from op-amps, such as the following:

* A voltage follower has a voltage gain of 1 but can boost the current and iso-
late different stages in a circuit.
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¢ Inverting and noninverting amplifiers are stable linear amplifiers where the gain can
be set with two resistors.

* A summing amplifier gives an output voltage that is the sum of multiple input voltages.

* An instrumentation amplifier is a practical differential amplifier usually packaged as
an IC. It amplifies the difference between two voltages and includes high-resistance
buffered inputs and an easily selectable gain.

* Integrators and differentiators give an output voltage that is proportional to the change
of input over time.

* An active filter is a circuit using an amplifier that passes certain frequencies and
rejects others.

* A comparator compares two analog voltages and identifies which one is larger (with
a digital output).

A current loop is a special type of signal interface that uses current instead of volt-
age to convey the information. This system is immune to wire resistance in the con-
necting cables because the current is the same everywhere in a closed loop, regardless
of the resistance. The current-loop system requires special transmitter and receiver cir-
cuits, both of which can be made with op-amps.

The analog switch is a solid-state device that can switch analog signals. A common
use of analog switches is for analog multiplexing. An example of multiplexing is where
a number of analog sensor signals are connected, one at a time, to an ADC. Another
interface device is a sample-and-hold circuit, which can temporarily hold an analog
voltage on a charged capacitor until it can be processed.

Earth ground refers to the voltage on the physical earth and is not the same as sig-
nal return or signal common in a circuit. Equipment is grounded to the earth primarily
for safety reasons. However, if the same conductor is grounded at two locations, dif-
ferent local ground voltages can cause large ground-loop currents in the conductor,
which is undesirable. To avoid this situation, conductors should be grounded at only
one end; if that is not possible, isolation circuits such as optical isolators can be used
to break the electrical continuity.

Shielding protects a signal from electrical noise. Electrical noise comes in two
forms, magnetic fields and electrical fields, and shielding considerations are different
for each type.

GLOSSARY

active filter A circuit that incorporates an op-amp.

analog switch A solid-state device that performs the same function as a low-power
mechanical switch.
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band-pass filter A circuit that allows only a specified range of frequencies to pass
and attenuates all others above and below the pass band.

chatter the condition that occurs when the output of a comparator oscillates when the
input voltage is near the threshold voltage.

closed-loop gain The gain of an amplifier when feedback is being used. The value
of closed-loop gain is less than open-loop gain (for negative feedback).

common mode rejection System whereby a common voltage in both wires of a dif-
ferential signal is canceled out. This system is used to advantage to reduce noise that
is usually common to both wires.

comparator A type of op-amp that is used open-loop to determine if one voltage is
higher or lower than another voltage.

current loop In a signal transmission system, a single loop of wire that goes from
the transmitter to the receiver and back to the transmitter. The signal intelligence is
conveyed by the current level instead of the voltage. This system is immune to voltage
drops caused by wire resistance.

current-to-voltage converter An op-amp based circuit used as a receiver for a current-
loop system.

cutoff frequency The frequency at which a filter circuit’s gain drops to 0.707 (or
-3 db.)

DC offset voltage The small voltage that may occur on the output of an op-amp, even
when the inputs are equal; DC offset can be eliminated with a resistor adjustment.

decibel Gain expressed in a logarithmic scale.

differential amplifier A circuit that produces an output voltage that is proportional to
the instantaneous voltage difference between two input signals. Op-amps by themselves
are difference amplifiers; however, a practical differential amplifier incorporates addi-
tional components.

differential voltage A signal voltage carried on two wires, where neither wire is at
ground potential.

differentiator An op-amp circuit that has an output voltage proportional to the instan-
taneous rate of change of the input voltage.

earth ground The voltage at (or connection to) the surface of the earth at some par-
ticular place.

electric field A condition that exists in the space between two objects that are at a dif-
ferent voltage potential. A wire in this space will assume a “noise” voltage proportional
to the field strength.
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high-pass filter A circuit that allows higher frequencies to pass but attenuates lower-
frequency signals.

instrumentation amplifier A practical differential amplifier, usually packaged in
an IC, with features such as high input resistance, low output resistance, and selec-
table gain.

integrator An op-amp based circuit that has an output voltage proportional to the area
under the curve traced out by the input voltage.

interfacing The interconnection between system components.

inverting amplifier A simple op-amp voltage amplifier circuit with one input, where
the output is out of phase with the input; one of the most common op-amp circuits.

inverting input The minus (-) input of an op-amp; the output will be out of phase
with this input.

isolation circuit A circuit that can transfer a signal voltage without a physical elec-
trical connection.

low-pass filter A circuit that allows lower-frequency signals to pass but attenuates
higher-frequency signals.

magnetic field noise An unwanted current induced in a wire because the wire is in
a time-varying magnetic field.

multiplexing The concept of switching input signals (one at a time) through to an out-
put; is typically used so that multiple sensors can use a single ADC (analog-to-digital
converter).

negative feedback A circuit design where a portion of the output signal is fed back
and subtracted from the input signal. This results in a lower but predictable gain and
other desirable properties.

noninverting amplifier A simple op-amp voltage amplifier circuit with one input,
where the output is in phase with the input.

noninverting input The positive (+) input of an op-amp; the output will be in phase
with this output.

notch filter A circuit that attenuates a very narrow range of frequencies.
operational amplifier (op-amp) A high-gain linear amplifier packaged in an inte-
grated circuit; the basis of many special-purpose amplifier designs.

open-loop gain The gain of an amplifier when no feedback is being used; it is usu-
ally the maximum gain possible.

optical coupler An isolation circuit that uses a light-emitting diode (LED) and a pho-
tocell to transfer the signal.
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programmable gain instrumentation amplifier An instrumentation amplifier with
fixed gains that can be selected with digital inputs.

sample-and-hold circuit A circuit that can temporarily store or remember an analog
voltage level.

signal common The common voltage reference point in a circuit, usually the nega-
tive terminal of the power supply (or battery).

signal return See signal common.
single-ended voltage A signal voltage that is referenced to the ground.

single-point ground A single connection point in a system, where all signal com-
mons are connected together and then connected to an earth ground.

summing amplifier An op-amp circuit that has multiple inputs and one output. The
value of the output voltage is the sum of the individual input voltages.

virtual ground A point in a circuit that will always be practically at ground voltage
but that is not physically connected to the ground.

voltage follower A very simple but useful op-amp circuit with a voltage gain of 1,
used to isolate circuit stages and for current gain.

window comparator A comparator with built-in hysteresis, that is, two thresholds:
an upper switch-in point and a lower switch-in point.

EXERCISES
Section 3.1

1. Find V_ for each amplifier in Figure 3.59. Assume the gain is 10 in all cases.

2. An op-amp has an open-loop gain of 200,000 and is being supplied with +12 V

and —12 V. What is the maximum voltage difference that can exist between V|

and V, before saturation? (Is this why V| and V, are considered “virtually” the

same?)

Use the basic op-amp assumptions to describe how a voltage follower works.

Draw the circuit of an inverting amplifier with a gain of 35.

5. Draw the circuit of an inverting amplifier with a gain of 50 and show the pin num-

bers of the 8 pin 741 general-purpose op-amp. Power supply voltage is £ 15 V.

Draw the circuit of a noninverting amplifier with a gain of 24.

7. Draw the circuit of a noninverting amplifier with a gain of 30 and draw the pin num-
bers of the 8 pin 741 general-purpose op-amp. Power supply voltage is + 15 V.

8. Draw the circuit of a summing amplifier with four inputs. The gain for each input
should be 15. Assume the impedance of each source connected to the summing
amp is 1 kQ.

W

a
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Figure 3.59

Figure 3.60

9.

10.

11.

12.

13.

14.

15.

16.

17.

-3 —
Vout
+2.5 —
+3— -
Vout
+1.5 —

Draw the circuit of a difference amplifier with a gain of 20. Assume the imped-
ance of each source is 6 k€.

Sketch the output of an integrator circuit that has an input waveform shown in
Figure 3.60 (assume RC = 1):

Sketch the output of an integrator circuit that has R =2 MQ and C = 10 pF. The
input waveform is shown in Figure 3.60.

Sketch the output of a differentiator circuit that has an input waveform as shown
in Figure 3.61(assume RC = 1).

Sketch the output of a differentiator circuit that has R =2 MQ and C = 10 pF. The
input waveform is shown in Figure 3.61.

a. Find the gain in decibels of an amplifier that has a straight voltage gain of
7000.

Estimate the gain of the same amplifier using the method of Example 3.8.
Find the gain in decibels of an amplifier has a straight voltage gain of 3300.
Estimate the gain of the same amplifier using the method of Example 3.8.
Find the straight voltage gain of an amplifier that has a gain of 35 db.
Estimate the straight gain of the same amplifier using the method of Example
3.9.

Find the straight voltage gain of an amplifier that has a gain of 50 db.
Estimate the straight gain of the same amplifier using the method of Example
3.9.

FeEFeF
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0 5 10 15
Time (sec)
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Figure 3.61
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18. Draw the circuit of a low-pass filter with f, = 1 kHz and a gain of 10.
Use R=1kQ.
19. Draw the circuit of a low-pass filter with f, = 5 kHz and a gain of 20.
Use R=1kQ.
20. Draw the circuit of a high-pass filter with f, = 10 kHz and a gain of 10.
Use R =1kQ.
21. Draw the circuit of a high-pass filter with f, = 8 kHz and a gain of 15.
Use R =1kQ.
22. Draw the circuit of a notch filter with f, = 1.6 kHz. Use R = 2 kQ.
23. Draw the circuit of a comparator that will switch from 0 to 5 V when the analog
input goes above 2.9 V.
Section 3.2
24. Explain why the signal is never attenuated in a current-loop system.
25. Draw the circuit of a current-loop system. When V;_is 1V, the loop current should
be 5 mA. At all times, V_  should equal V. .
26. What is an analog switch, and how is it different than a mechanical switch?
27. The sample-and-hold circuit of Figure 3.42 is being used to hold a signal for 0.25.
If R = 1k€2, what size capacitor is needed?
Section 3.3
28. Explain the difference between earth ground and signal return.
29. What is a ground loop? How is it possible to have large currents in the return line
when there is no apparent power supply?
30. Find the current in a ground loop that is 200 ft long, has a wire resistance of
0.05 Q/ft, and has a difference of 4 V between grounds.
31. Find the current in a ground loop that is 300 ft long, has a wire resistance of 0.01 C/ft,
and has a difference of 5 V between grounds.
32. Why is it important to have the metal chassis of equipment connected to earth
ground?
33. Describe how the optical isolator in Figure 3.47 works.
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34.

35.
36.
37.
38.

39.

What are the reasons for using isolation circuits in the interconnection of a con-
trol system?

Explain the principle behind magnetic shielding.

Why is it necessary to ground an electrostatic shield?

Explain the concept of single-point ground and why it is important.

Find the total voltage drop in a 200-ft #20 twisted pair wire circuit carrying 100
mA. (Hint: The signal has to go out 200 ft and back.)

Find the total voltage drop in a 500-ft #22 twisted pair wire circuit carrying 50 mA.
(Hint: The signal has to go out 500 ft and back.)
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Switches, Relays, and
Power-Control Semiconductors

OBJECTIVES

After studying this chapter, you should be able to:

¢ Understand mechanical switch types, configurations, and terms.

* Describe the types and operation of electromechanical relays.

e Understand the characteristics of solid-state relays and the advantages and
disadvantages of solid-state relays compared with electromechanical relays.

* Comprehend the operation of power transistors and power amplifiers, cal-
culate transistor circuit currents, and select a replacement power transistor.

 Understand basic JFET and power MOSFET characteristics and applications.

* Understand the characteristics and operation of silicon-controlled rectifiers
and basic silicon-controlled rectifier circuits.

* Understand how a triac operates and some triac applications.

* Explain the use of some trigger circuits for the silicon-controlled rectifiers
and triac, in particular those that use the unijunction transistor, programma-
ble unijunction transistor, or diac.

INTRODUCTION

An important ability of almost all control systems is to regulate the flow of electrical
power because electricity is usually the link between the controller and the actuator
(which is typically an electric motor). The problem is that the small-signal output of
the controller is usually not large enough to drive the load directly and must be ampli-
fied in some way.

Three classifications of components are used to control electrical power: (1) electro-
mechanical devices such as switches and relays, (2) power transistors and field effect
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transistors, and (3) a group of semiconductor devices called thyristors, which includes
silicon-controlled rectifiers and triacs. All these power control devices are the subject
of this chapter.

Figure 4.1
Toggle switch contact
arrangements.

4.1 SWITCHES

A mechanical switch is a device that can open or close, thereby allowing a current to
flow or not. As you have no doubt observed, switches come in many different shapes,
sizes, and configurations.

Toggle Switches

Probably the most common switch type is the toggle switch, which is available in var-
ious contact configurations. Each switch consists of one or more poles, where each pole
is actually a separate switch. The contact arrangement for the single-pole/single-throw
switch (SPST), the simplest switch, is illustrated in Figure 4.1(a). Notice that it has a
single set of contacts that can either open or close. Next, up the line of complication,
is the single-pole/double-throw switch (SPDT) illustrated in Figure 4.1(b). Notice that
the movable “arm” called the common (C), or wiper, can connect with either contact A
or B. Figure 4.1(c) illustrates a double-pole/double-throw switch (DPDT), which con-
sists of two electrically separate SPDT switches in one housing that operate together.
In Figure 4.1(d), notice how the terminals are arranged on the back of the DPDT switch
housing, with the three terminals for each pole running the “long way” on the switch
body. Although not as common, switches with up to six poles are available.

So far the discussion has centered on the two-position switch, which comes in two
configurations: the simple on-off [Figure 4.1(a)] and the on-on [Figure 4.1(b)]. A three-
position switch, called on-off-on, has a stable position in the middle, where the C con-
tact is not connected to either A or B, as illustrated in Figure 4.2. Such a switch could be
used to control a motor, where the three positions might correspond to “forward,” “oft,”
and “reverse.”

(a) SPST (b) SPDT (c) DPDT (d) DPDT toggle switch
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Figure 4.2 (on)
A three-position

— B
switch: on—off—on. C o (off)
A

(on)

Another variation of the toggle switch is to have one or more of the positions be
spring-actuated, meaning that physical pressure must be maintained on the handle to
keep it in position. These are called momentary-contact switches, an example of which
is a car’s ignition switch where you must maintain continuous pressure on the key to
engage the starter motor. Table 4.1 shows some of the variations possible for a particu-
lar style of toggle switch. For example, the third switch (1SFX191), is a three-position
switch with one of the on positions being momentary.

TABLE 4.1

Typical Toggle Switches*

Type Number of poles Circuit
1SBX191 1 On-0ff—=0On
1SCY191 1 On On
1SFX191 1 On-Off-Ont
1SGX191 1 On Ont
1SHX191 1 Ont-Off-Ont
2SBX191 2 On-0Off-On
2SCY191 2 On On
2SFX191 2 On-Off-Ont
25GX191 2 On Ont
2SHX191 2 Ont—Off-Ont
3SBX191 3 On-0Off—-On
3SCY191 3 On On
3SFX191 3 On-Off-Ont
3SCX191 3 On Ont
3SHX191 3 Onf-Offt-Onf
4SGX191 4 On-0Off—=0On
4SCY191 4 On On
4SFX191 4 On-Off-Ont
4SGX191 4 On Ont
4SHX191 4 Oont—Off-Ont

“Rated 5 A at 125 Vac; 5 A at 28 Vdc.
TMomentary contact.
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Figure 4.3
A slide switch.

Figure 4.4
Push-button switches.

Toggle switch contacts have maximum voltage and current ratings for AC and DC
operation. A typical toggle switch can handle less DC voltage than AC voltage at the
rated current; for example, a switch might be rated at 5 A for 125 Vac or 5 A for 28 Vdc.
The reason for the difference is that when the contacts are just opening, the current will
continue (briefly) to arc across, which tends to burn and pit the contact surface. AC will
arc less than DC for the same voltage because AC is going to O V twice each cycle.
Also, most toggle switches have a “snap” action which pulls the contacts apart rapidly
to minimize arcing.

Closely related to the toggle switch is the slide switch illustrated in Figure 4.3.
Although mechanically different internally, the slide switch performs the same functions
as the toggle switch and is available in the same configurations. Slide switches tend to be
less expensive but are not available with the high current rating of toggle switches.

Push-Button Switches

Push-button switches [Figure 4.4(a)] are almost always the momentary type—pressure
must be maintained to keep the switch activated. Figure 4.4(b-d) shows the symbol for
the push-button switch. Notice there are two configurations possible: normally open

(a) Push-button
switch

ol
e Colo e o

(c) Normally closed (d) NC and NO
(NC) switch switch

(b) Normally open
(NO) switch
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Figure 4.5
Limit switches (using
a microswitch type).

Figure 4.6
A DIP switch.

<«

2

o

—
4

>

O O O O O O O O O

I I I I I I I I I
(a) Push on button (b) Push on flexible (c) Roller
paddle

(NO) and normally closed (NC). For the NO switch [Figure 4.4(b)], the contacts are
open until the button is pushed; and for the NC switch [Figure 4.4(c)], the contacts are
closed when the switch is “at rest” and open when the button is pushed.

Other Switch Types

A limit switch is a push-button switch mounted in such a position that it is activated
by physical contact with some movable object. An example is a car door switch, which
senses whether or not the door is closed. Limit switches are available with different
kinds of actuator hardware, such as the “paddle” or roller. Often these are mounted on
a small standard-sized switch body called a microswitch (developed by the
MicroSwitch Company). A microswitch requires a very small throw of a few thou-
sandths of an inch. Figure 4.5 illustrates some examples of limit switches. (Limit
switches and other proximity sensors are discussed in Chapter 6.)

A DIP switch is a set of small SPST switches built into a unit shaped like an inte-
grated circuit (IC) (DIP stands for dual in-line package). The DIP switch can be
plugged into an IC socket or soldered into a circuit board. As shown in Figure 4.6,
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Figure 4.7
Rotary switch
operation.

each individual switch uses two pins directly across from each other; that is, switch 1
uses pins 1 and 14, switch 2 uses pins 2 and 13, and so on. (Do not use a pencil to set
the switches; the graphite can work its way into the switch and short it out.)

A rotary switch, considerably different from the switches discussed so far, can per-
form multiple, complicated switching operations. As shown in Figure 4.7, the rotary
switch is constructed of switch wafers mounted along a single shaft. The inner part of
each wafer rotates in steps with the shaft, and the outer part remains stationary. To under-
stand how the switch works, consider Figure 4.7(a), which shows the switch in the off
position. In this position, the C terminal is making contact with the pad, but the pad is
not touching either terminals 1 or 2. In Figure 4.7(b), the shaft has been rotated clock-
wise to position X. Notice that the C terminal is still connected to the pad, but now the
little extension of the pad is making contact with terminal 1. In Figure 4.7(c), the shaft

Additional Rotates with shaft

wafers i

Stationary

Extension

(a) Off position

(b) Contact C connects (c) Contact C connects
to contact 1 to contact 2



SWITCHES, RELAYS, AND POWER-CONTROL SEMICONDUCTORS 121

Figure 4.8

A thumbwheel
switch (ten-decimal
position).

Figure 4.9
A membrane switch.

oo~vPTLALL—=O O

(a) Switch body

~—o o
o —o o
w—0 o0
»—o o
®—0 o
~N—0 o
® —0 o
©—o o—

(b) Thumbwheel switch

schematic

has been rotated to position Y, and now the pad is in contact with terminal 2. Notice that
there could be three or four such switches on the same wafer, as well as multiple wafers.

A thumbwheel switch, a special type of rotary switch, is used to input numeric data.
The operator selects a number by rotating the numbered wheel (Figure 4.8), and each
number corresponds to a different switch setting. The switch schematic in Figure 4.8(b)
shows that one of ten separate terminals is connected with the C terminal. Also available
are thumbwheel switches that output 4-bit BCD (binary coded decimal) and other codes.

Another type of data-input device is the membrane switch keypad. This type of key-
pad consists of push-button switches built up from a number of layers, as shown in Figure
4.9(a). The bottom layer is usually a printed-circuit board with two nonconnecting pads

(a) Construction

Membrane
with lettering

Conductive
pads

Spacer

Circuit board

(b) Switch operation
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for each switch. Lying over the circuit board is a spacer layer with a hole over each
switch position. The third layer is flexible and has a conductive pad over each switch.
Overlying the whole thing is a flexible waterproof membrane, which has the key let-
tering. When a key is pressed, the conductive pad is forced into contact with the circuit
board and provides a path for the current, as illustrated in Figure 4.9(b). Membrane
switches are especially appropriate in dirty industrial environments because the mem-
brane keeps dirt from getting into the switch assembly.

4.2 RELAYS

Electromechanical Relays

The electromechanical relay (EMR) is a device that uses an electromagnet to provide
the force to close (or open) switch contacts, in other words, an electrically powered switch.
A diagram of a simple relay is shown in Figure 4.10(a). When the electromagnet, called
the coil, is energized, it pulls down on the spring-loaded armature. Relay contacts are
described as being one of two kinds: normally open contacts (NO), which are open in the
unenergized state, and normally closed contacts (NC), which are closed in the unener-
gized state. Figure 4.10(b) shows one common schematic symbol for the relay. By con-
vention, the symbol always depicts the relay in the unenergized state, so you can easily
determine which are the NC and NO contacts from the schematic. Another schematic rep-
resentation for the relay is shown in Figure 4.10(c). This symbol is used in a type of draw-
ing called a ladder diagram. In a ladder diagram, the relay coil and its contacts are
separated on the drawing. (Ladder diagrams are discussed in Chapters 9 and 12.)

The electrical specifications for the contacts are different than for the coil. For the
contacts, the maximum current and voltage for DC and AC operation is specified. For
the coil, the intended voltage and coil resistance are usually specified. You can see these
numbers on the specification (spec) sheet shown in Table 4.2. The coil voltage and
resistance can be used to calculate the steady-state coil current. Actually, it takes more
voltage and current to pull in the relay contacts than it does to hold them there because
the armature must be pulled in across an air gap. Hence, these quantities are called,
respectively, pull-in voltage and pull-in current. For example, the contacts of a par-
ticular 6-V relay actually close at 2.1 V and stay closed until the voltage is decreased
to 1 V. The values of voltage and current needed to keep the relay energized are called
the minimum holding voltage and sealed current. Notice that the actual pull-in volt-
age is much less than the rated coil voltage. This is to guarantee that the relay will pull-
in quickly and reliably when operated at the rated voltage. Coil voltages are specified
to be AC or DC. The difference is that AC coils are constructed with shaded poles to
prevent “buzzing” with 60-cycle power. A shaded-pole relay has a metal ring around
the pole face of the electromagnet (see Figure 4.10). Magnetic flux induced into this
ring keeps the relay closed when the AC cycles through 0 V.
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Figure 4.10

An electromagnetic relay.

Shading coil
(AC only)

£

Armature
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(a) Parts of the relay

TABLE 4.2

(b) A common

schematic symbol

NC contact

|—
NO contact

o

Cail

(c) Schematic symbol
for a ladder diagram

Typical General-Purpose Relays*

Coils
Type Input Ohm Action
Y1-SS1.0K 6 DC 1,000 SPDT
Y1-85220 3DC 220 SPDT
Y2-V52 6 DC 52 2PDT
Y2-V185 12DC 185 2PDT
Y2-V700 24 DC 700 2PDT
Y2-Y2.5K 48 DC 2,500 2PDT
Y2.15K 115DC 15,000 2PDT
Y4.V52 6 DC 52 4PDT
Y4-V185 12DC 185 4PDT
Y4-V700 24 DC 700 4PDT
Y4-V2.5K 48 DC 2,500 4PDT
Y4-V15K 115 DC 15,000 4PDT
Y6-V25 6 DC 25 6PDT
Y6-V90 12DC 90 6PDT
Y6-V430 24 DC 430 6PDT
Y6-V1.5K 48 DC 1,500 6PDT
Y5-V9.0K 115DC 9,000 6PDT

“Contacts: 2 A typically, 3 A maximum 125 Vac of 28 Vdc.
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Figure 4.11

A selection of relays.
[Photos (a) and (d)
are Allen Bradley
products courtesy

of Rockwell
Automation.

Relays are available in a variety of sizes, contact configurations, and power-han-
dling capabilities. Some miniature relays can plug into an IC socket and be powered
directly from a digital logic gate. On the other end of the spectrum, a power relay, often
called a contactor, is used to switch the current directly to larger machines and may
handle 50 A. Figure 4.11 shows a selection of different relays.

It is well to remember that for two reasons, relays have a finite life. First, becauase
the relay is a mechanical device, the moving parts eventually wear out, and second, the
electrical contacts can become pitted because of arcing. The contact wear is very

(a) General purpose relay (b) General purpose relay

RALLTMIEs

o, Tt

(i

(c) High current relay (d) Industrial relay
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Figure 4.12
A reed relay.

Figure 4.13
A solid-state relay.

Glass tube Contact
l l\ Electromagnet

dependent on the electric current that is being switched. For example, a certain relay is
rated for 9 million operations at 1.5 amps but only 2 million operations at 3 amps. Two
million operations sounds like a lot, but if this relay were in a 24-hour factory being
used in a repetitive operation every 10 seconds, it would have to be replaced every 8
months. Contact life also depends on the type of load being controlled. For example,
inductive loads such as motors cause much more arcing and pitting than resistive loads
such as lights and heating elements.

The reed relay is unique because the small reedlike contacts are encapsulated in a
small sealed glass tube that is evacuated or filled with an inert gas like dry nitrogen.
The contacts are activated by an external magnetic field, as shown in Figure 4.12.
Contacts are either dry or mercury-wetted. Mercury-wetted contacts have a thin coat-
ing of mercury that fills in surface irregularities, making a larger conduction area, and
reduces pitting. Generally, reed relays have a long life and low coil voltage (frequently
TTL compatible), and are immune to dirty environments; however, they are generally
low power (contacts rated at 2 A or less) and vibration sensitive.

Solid-State Relays

A solid-state relay (SSR) is a purely solid-state device that has replaced the EMR in
many applications, particularly for turning on and off AC loads such as motors.
Physically, the SSR is packaged in a box (about the same size as an EMR), with four
electrical terminals, as shown in Figure 4.13(a). The two input terminals are analogous

TTL level signal AC Load

—_ I - -
Z‘ Load —‘S
Input SSR Qutput

[ -

_l_— Line —(/)

120 Vac

(a) Using an SSR to drive a motor
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Figure 4.13
(cont.)

Trigger
[i circuit

Input

(b) SSR circuit

to the coil of an EMR, and the two output terminals are analogous to the contacts of the
EMR (usually SPST, normally open).

The input or control voltage of the SSR is typically 5 Vdc, 24 Vdc, or 120 Vac.
The 5-Vdc models are designed to be driven directly from TTL digital logic circuits.
Turning our attention to the output side of the SSR, we see that the load is placed in
series with the 120-Vac or 240-Vac power. The output current can be as high as 50 A
in some models. Many SSRs incorporate a feature called zero-voltage switching: The
line current is switched on at the precise time that the AC voltage is crossing 0 V. This
eliminates sharp output voltage-rise times and so minimizes electromagnetic interfer-
ence noise (EMI).

Figure 4.13(b) shows a block diagram of the interior of an SSR. The input
voltage drives an LED, and the light from the LED turns on a photo transistor,
which in turn turns on the triac (a solid-state switching device discussed later in
this chapter). The LED electrically isolates the input and output sections of the
SSR. This is important for two reasons: First, it allows the control electronics to
have a separate ground from the power lines; second, it prevents high-voltage spikes
in the power circuit from working their way back upstream to the more delicate con-
trol electronics.

Solid-state relays have a number of important advantages over electromechani-
cal relays. Having no moving parts means that (theoretically) they will never wear
out and makes them practically immune to shock and vibration. Also, because of the
built-in electronics, they can be driven with a low-voltage source (such as TTL)
regardless of the output-current capability. The main disadvantages of the SSR are
the following: (1) They can be “false triggered” by electrical noise; (2) even when
on, the output resistance is not exactly 0 ohm, so there is some small voltage drop
and consequent power loss within the relay, and when off they may have lethal lev-
els of leakage current; (3) although they are long-lasting, unlike an EMR they do not
fail predictably; (4) contact arrangements are limited, so they may not work for all
relay applications.

The hybrid solid-state relay is similar to the SSR but uses a low-voltage, fast-act-
ing reed relay instead of an LED to turn on the output triac. Using the reed relay pro-
vides good electrical isolation and may work better than the SSR in some situations.
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Figure 4.14

Basic transistor
action (conventional
current).

4.3 POWER TRANSISTORS

Power transistors are used extensively in control circuits as both switches and power
amplifiers. Power transistors are fundamentally the same as small-signal transistors but
are designed to carry more current. Many readers of this text will have already studied
transistor operation, but for those who haven’t (and perhaps as a review for those who
have) the following basic material on transistors is presented. Also, the reader is
reminded that this text uses conventional current flow, which means that the current is
assumed to flow from the positive battery terminal to the negative. If you are familiar
with electron flow, remember that the theory and “numbers” are the same, only the indi-
cated direction of the current is opposite from what you are used to.

Bipolar Junction Transistors

The bipolar junction transistor (BJT), referred to as a transistor, is a three-terminal
solid-state device that operates on electric current much like a valve does on water in a
pipe. This concept is illustrated in Figure 4.14. Figure 4.14(a) shows that the transistor
has three terminals; the base, emitter, and collector and that it is connected into a sim-
ple series circuit with the (conventional) current entering the collector (C), and leaving
through the emitter (E). Functionally, this is analogous to the system illustrated in Figure
4.14(b) where water is being pumped through a partially open valve. The flow of water
can be regulated by opening or closing the valve. In the transistor circuit, the flow of
current () can be regulated by adjusting a small control current in the base (/); the
more /g, the more /... In fact, /. could be 100 times (or more) larger than /.

There are two basic types of transistors: NPN and PNP, both of which are made
from three layers of semiconductor material. As illustrated in Figure 4.15, the only func-
tional difference between the two types is the direction of current flow. The arrowhead
of the emitter indicates the (conventional) current direction. The NPN type is more com-
mon and will be the type used in the following discussions.

Control wheel

(7 — 7 AN

Ic | (collector) * ¢

1
t1 Controller | ‘2 B EC
circuit (base) £ O ) Pump

Ie (emitter) * ¢

( - -—
Valve

(a) Simple transistor circuit (b) Water-in-pipe analogy
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Figure 4.15

NPN and PNP tran-
sistors (conventional
current).

Ic Ic
N c c
- B —| NPN +—"— B —| PNP
IE IE

Basic transistor operation can be summarized with the following statements:

1. Under the proper operating conditions, /. will be some multiple of /;; in other words,
the transistor is a current amplifier. The forward current gain (/i or ) (which
varies according to transistor type) is expressed as

4.1)

where

hg, = forward current gain
I.= collector current
I, = base current

2. Inside the transistor, the small base current joins with the collector current to become
the emitter current (or the emitter current divides to become the base and collector
currents). This is expressed as

Io=1.+1; 4.2)
where
I, = emitter current
I = collector current
I, = base current

However, because the collector current is usually so much larger than the base cur-
rent, a useful approximation is to consider the collector current to be equal to the emit-
ter current:

(4.3)

3. The transistor dissipates power anytime there is a current flowing through it and a
voltage is across it, expressed as

P, =1V

D C" CE (4'4)

where
P, = power dissipated by the transistor

I = collector current
Vg = voltage between the collector and emitter
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EXAMPLE 4.1

A power transistor with an A of 50 is operating with a load current (1) of
3 A. What is the base current?

SOLUTION
Recall that a transistor is basically a current amplifier where the 1. is Ay times
larger than the base current (/). By rearranging Equation 4.1, we can solve
for I,
B

Iy

A
0 =60 mA

g 3
T hy S

We have established that the transistor will “amplify” its base current, but how
do you know what the base current is? The base-emitter junction acts like a forward-
biased diode, meaning it must first be given a forward-bias voltage (about 0.7 V
for silicon transistors, 0.3 V for germanium) before any appreciable base current
flows at all. Once the base has been elevated to the bias voltage, any further increase
in base voltage will start the base current flowing. This is shown in graph form in
Figure 4.16. The biasing circuit of a transistor amplifier establishes a background
“ballpark” DC voltage at the base. The signal to be amplified is then superimposed
on this bias voltage. One common method of creating the bias voltage is with a resis-
tor-type voltage-divider circuit as shown in Figure 4.17. Notice that resistors R, and
R, create a base bias voltage of 0.8 V (ignoring any loading effects). Consulting the
input curve of Figure 4.16, we see that 0.8 V would cause a base current 7, of 2 mA.

Figure 4.16
A silicon transistor 4.0
input (base) curve. '

2.0

Ig (MA)

1.0

0.2 0.4 0.6 0.8 1.0 Vg (V)
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Figure 4.17
A voltage-divider
bias circuit.

Figure 4.18
A simple transistor
amplifier.

Load

1.15 kQ § R,
Voc Ro

= +
VB_R1+H2 10V VB:OSV |/ IC=200mA

10V x100 Q I;=2mA e = 100
X H m
Vg = =08V 1009%/?2 g

(100 Q + 1.15 kQ)

The hp of the transistor is given as 100, so rearranging Equation 4.1 we can calcu-
late the collector current /..

I = hgely =100 X 2 mA = 200 mA
Notice that the load is in series with the collector so that all 200 mA is going through
the transistor and the load.

We are now ready to discuss the operation of the simple transistor power amplifier
shown in Figure 4.18. The DC bias conditions have already been discussed in the pre-
ceding paragraph. Now consider an input signal voltage of +0.1 V, which is superim-
posed onto the base through a capacitor. In other words, the input is added to the 0.8 Vdc
bias voltage to form an AC base voltage that cycles from 0.7 to 0.9V, as shown in Figure
4.18. Referring again to the base curve (Figure 4.16), we see that a base voltage of 0.7-
0.9V translates into a base current of 1-3 mA, which the transistor multiplies into a col-
lector current of 100-300 mA, and all of this current goes through the load. Notice that
the output voltage V. is out of phase with the output current /... This occurs because the
transistor must lower its resistance to increase the current, and a lower resistance creates
a lower voltage drop.

+0.1V
10V

-0.1V
Ve 5V

% R 300 mA

1.15 kQ Ic 200 mA

1 Slgnal v e

10V T yoltage @ A 100mA
R2 IB 0mA

/

3 mA
VBOB Ig 2mA
1mA
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Figure 4.19
A transistor circuit
(Example 4.2).

The circuit in Figure 4.18 is a class A amplifier. Specifically, class A operation is
when the bias point is set somewhere in the middle of the operating range, and the
actual output current is above and below this value. In other words, the transistor is
biased to be “half-on” so that the input signal can turn it “more on” or “less on” from
that middle point. Class A operation allows for both positive and negative input volt-
ages to be amplified but has the drawback that power is being dissipated at all times,
even when no input signal is present (because I is always flowing).

EXAMPLE 4.2

Find the load current in the transistor circuit shown in Figure 4.19. Use the
input curves in Figure 4.16 and assume that the A of the transistor is 70.

SOLUTION

We want to find the output current, and because we know the current gain is
70, the problem comes down to finding out what the base current is. In most
cases, such as this one, it is the base voltage that we can calculate (or measure),
so we will use the input curves to find the corresponding base current. First,
calculate the base bias voltage from R, and R, using the voltage-divider rule:

VeRy 10V x 100 Q
Vee= (R +R,)~ 12kQ +100Q) =077V

Now, knowing that the base voltage is 0.77 V, we use the input curve of Figure
4.16 to determine that I, is about 1.7 mA. The load current /, can now be cal-
culated by rearranging Equation 4.1:

I.=hgel, =70 x 1.7 mA = 119 mA

Note: The purpose of this example was to give you insight on how the class
A transistor actually works. Unfortunately, in most cases, the input curves are
not presented in spec sheets, so transistor amplifier designers make use of feed-
back and various empirical relationships, which are presented in any good tran-
sistor design text.

Load

1.2 kQ§R1

10V — Vg=0.77V v Ic=119mA
° N heg = 70
IB= 17 mA

1009%/?2
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Figure 4.20
Styles and mounting
of power transistors.

There are other biasing possibilities besides class A. In class B operation, the base
bias voltage is set just under 0.7 V (for silicon), which is the point where the transistor
is just at the brink of turning on. The advantage of this system is that no power is dis-
sipated when there is no input signal (because the transistor is off). The disadvantage
is that it can amplify only positive base voltages for NPN transistors (or negative base
voltages for PNP).

The third biasing possibility is class C operation where the transistor is operated
like a switch, either full-on or full-off. The base voltage will be either 0 V, which will
turn it completely off, or high enough (say, 1 V) to turn it on so much that the transistor
acts like a short circuit. The advantage of this system is that it is very power efficient
(for those applications that can use the on-off type of power). Applications of class C
amplifiers are discussed in Chapter 7.

Power transistors are physically bigger than signal transistors and are designed to
carry large currents. In control systems, they are used to provide the drive current for
motors and other electromechanical devices. When a transistor has a large current and
voltage at the same time, the resulting power (VI ) must be dissipated in the form of
heat. A typical power transistor is designed to operate up to 200°C (360°F) above ambi-
ent temperature. However, its power capacity is derated proportionally for temperatures
above 25°C (as denoted by the spec sheet). The power transistor case has a flat metal
surface to provide a thermal escape path for the heat. Therefore, to operate at anywhere
near the rated power, the transistor must be mounted firmly to the chassis or a metal
heat sink—a piece of metal with cooling fins to dissipate the heat into the air. Figure
4.20 illustrates two standard types of power transistors and how they are to be mounted.
Many times the case itself is the collector terminal. If the collector must be kept elec-
trically insulated from the mounting chassis, then a special mica insulator is used,
together with a thermally conducting white grease.

Mica insulator Mica insulator
Chassis Chassis
[ I / T m\
H H @ @

M

(a) “Top hat design” Style TO-3, TO-66 (b) Style TO-220
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EXAMPLE 4.3

A 100-watt (W) transistor fails, apparently from overheating. The transistor
was replaced, and measurements showed that the load current (/) was 2 A,
Vg Was 35V, and the case temperature rose to 125°C. What is the problem?

SOLUTION

First, calculate the power being dissipated by the transistor (using Equation
4.4):

Pp=1Vep=2AX35V=T0W

Seventy watts is certainly less than the manufacturer’s designation of 100
W. The actual power capacity, however, will be less in this situation because
the case is 100°C over ambient temperature (ambient is taken to be 25°C).
Consulting a spec sheet, we find that the power must be derated 0.57 W/°C
(above 25°). We now calculate the actual reduced power capacity:

P, =100 W —(0.57 W/°C x 100°C) =43 W

Clearly, the problem is that 70 W exceeds the derated power capacity of
43 W. Apparently, the transistor is not “heat sinked” well enough; that is, the
heat cannot conduct itself away from the transistor fast enough.

Figure 4.21 presents a sample selection sheet for some power transistors. For exam-
ple, consider the TIP29C (the first NPN type on the list). This device can have a con-
tinuous load current (/) of 1 A and a maximum V- of 100 V. Notice the wide range
given for hg (15-75). It is common for transistors with the same part number to have
widely different values of hFE, so most transistor circuits are designed to accommodate
this. You might notice that some transistors in Figure 4.21 have much higher values of
hgg than the rest. For example, the TIP112 (the fourth one down the list) has an A
value of 500 minimum. These are darlington transistors. As shown in the little drawing
at the top of Figure 4.21, a Darlington actually has two transistors connected in such
a way that there are still only three terminals presented to the outside world. It works
like this: The input base current is amplified by the first transistor, and then its entire
output becomes the base current of the second transistor, so the signal gets amplified
a second time . If the hy; of each individual transistor were 20, the combined A would
be 20 x 20 = 400.

Also, the gain of any transistor eventually decreases if the frequency gets high
enough. The gain-bandwidth product (f;) is a constant that is the product of the fre-
quency and the gain at that frequency. Therefore the gain-bandwidth product represents
the frequency that is high enough to cause the gain (hp) to reduce to 1.
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Figure 4.21 ON Semiconductor Selector Guide — Discrete Devices

A selection sheet BIPOLAR POWER TRANSISTORS SELECTOR GUIDE

for power transistors.

(Copyright © (o] c
Semiconductor TO-220AB B
Components CASE 221A-09 8
Industries, LLC. Transistor O E Darlington E
Used by permission.) Table 1. PLASTIC TO-220AB — CASE 221A-09, Style 1 transistor
Device Type Resistive Switching
IcCont | VCEO(sus) tg t fr  |Pp(Case)
Amps Volits hgg @lic us us @lic MHz Watts
Max Min NPN PNP Min/Max Amp Max Max Amp Min @ 25°C
1 100 TIP29C TIP30C 15/75 1 06typ | 03typ 1 3 30
250 TIP47 30/150 0.3 2typ | 0.18typ | 03 10 40
400 TIP50 MJE5731A | 30/150 0.3 2typ | 0.18typ | 03 10 40
2 100 nr1122) | IP117(2) 500 min 2 17typ | 1.3typ 2 25(1) 50
450/1000 | BUX85 30 0.1 35 1.4 1 4 50
45011000 | MJE18002 14/34 0.2 3 0.17 1 121typ 40
3 100 TIP31C TiP32C 25 min 1 0.6 typ 0.3typ 1 3 40
4 80 D44C12 D45C12 40/120 02 1 40 typ 30
400/700 | MJE13005 6/30 3 3 07 3 4 60
5 100 T1P1223) | TIP1272) 1k min 3 1.5typ 1.5typ 4 4(1) 75
400/700 | BUL45 14/34 0.3 1.7 0.15 1 12typ 75
450/1000 | MJE16002 5 min 5 3 0.3 3 80
550/1200 | MJE18204 18/35 0.5 275 0.2 2 12 75
6 100 TIP41C TIP42C 15/75 3 04typ | 0.15typ 3 3 65
400/700 | BUL146 14/34 05 1.75 0.15 3 14typ 100
7 70 2N6292 2N6107 30/150 2 04typ | 0.15typ 3 4 40
150 BU407 30 min 1.5 0.75 5 10 60
8 100 BDX53¢(2) | BDX54C(2) | 750 min 3
niP102(2) | TiP107(2) 1k/20k 3 15typ | 1.5typ 3 4(1) 80
150 MJE15030 | MJE15031 20 min 4 30 50
250 MJE15032 | MJE15033 50 min 1 30 50
350 MJE13007 5/30 5 3 07 5 80
MJE5852 15 min 2 2 05 4 80
400/700 | BUL147 14/34 1 25 0.18 2 14 typ 125
10 60 MJE3055T | MJE2955T 20/70 4 75
80 2N638812) | 2N6668(2) 1k/20k 5 20(1) 65
D44H11 D45H11 40 min 4 05typ | 0.14typ 5 50 typ 50
100 BDX33¢2) | BDX34C(2) | 750 min 3 3 70
12 400/700 | MJE13009 6/30 8 3 0.7 8 4 100
15 80 D44VH10 | D45VHI0 20 min 4 0.5 0.09 8 50 typ 83
100 Bpw42(2) | Bpwa7(2) 1k min 5 1typ 1.5typ 5 4 85
(N ihpg!l @ 1 MHz

(2} Darfington
Devices listed in bold, italic are ON Semiconductor preferred devices.
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EXAMPLE 4.4

A transistor in a piece of equipment has gone bad and needs to be replaced
with one of those listed in Figure 4.21. The specifications for the original tran-
sistor (now bad) are the following:

Type: NPN

Maximum load current: 8 A

Maximum voltage across the transistor: 150 V
Maximum power dissipation: 50 W

hgg: 30

SOLUTION

First consider the load current of 8 A. Looking down the list of 8-amp NPN
transistors, we see the MJE15030, which meets the V., requirement (150 V)
but not the /1. Thus we will have to go with MJE15032 (/i = 50 min), which

meets all the requirements.

Field Effect Transistors (FET)

The field effect transistor (FET) is another three-terminal solid-state amplifying device.
FETs perform the same job as the BJTs of the previous section, but because of some
advantages are becoming more common in power applications. These advantages
include high input impedance, high switching speeds, and less temperature sensitivity.
There are two types of FETs, the junction FET (JFET) and the metal-oxide semi-
conductor FET (MOSFET). Both types have three terminals; the drain (D), the source
(S), and the gate (G). Also, FETs are made to be either N-channel or P-channel; the
type determines the direction of current through the device. The FETs discussed in this
section are all N-channel.

The simple JFET circuit is shown in Figure 4.22(a). The load current I,y passes
through the drain (D) to the source (S). The amount of drain current is controlled by
the voltage between the gate and the source (V ;) (as contrasted with the BJT, where
the collector current is controlled by the base current). The characteristics of the JFET
are described by the characteristic curves shown in Figure 4.22(b). Notice that the load
current (I,¢) is on the vertical axis, and the voltage across the FET (V) is on the hor-
izontal axis. Each curve represents what happens for a different gate voltage. For exam-
ple, when the gate voltage (Vo) is =3V, the I}, will be 0 mA. This gate voltage is
known as VGS(om. When the gate voltage is -2V, Ing will be 5 mA, and so on, until the
gate voltage is 0V, causing I, to be 15 mA. Because the gate voltage is not allowed
to go positive in an N-channel JFET, 15 mA is the highest /¢ for this particular FET
and is called I})¢ (drain-source current with the gate shorted).
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Figure 4.22
Junction field effect
transistor (JFET)
operation.

Figure 4.23

A metal oxide semi-
conductor field
effect transistor
(MOSFET).

, Ipss _
(Drain) Vgs=0V
(Gate) D 15 _/

+ ate — Vas=-1V

- G 4,[ IDS E 10 F GS
S \(7) VGS = _2 V

VGS _$ 5

Ves=-3VtoOV (Source) Vee =3V

0 GS

Vs (V)

(a) Simple JFET circuit (b) FET characteristic curves (sample)

The second type of FET is the MOSFET. MOSFETs are particularly important in
this text because power MOSFETs, which can handle many amperes, are becoming more
popular. In Figure 4.23(a), notice that in the FET symbol the gate is shown as not even
touching the rest of the device. This means that the gate is capacitively coupled, caus-
ing a very high DC input resistance and allowing for what is called the enhancement
mode of operation. In the enhancement mode, all gate voltages are positive. Consider
the sample characteristic curves of a power-type MOSFET shown in Figure 4.23(b).
When the V¢ is 4V, the I, is 0 A. When the V5 is 5V, the I ¢ is 1 A; when the Vg is
6V, the I;,¢ is 2 A (and so on, up to the maximum current allowed by the device).

For both the JFET and the MOSFET, the input is the gate voltage and the output is

the drain-source current. The gain of this device is called the transconductance (g,,)
and is expressed in Equation 4.5:
Gain = S-0Uput current_ g, = %S (or mho) 4.5)
A input voltage GS
where
g,,= FET gain, called the transconductance

(Drain) Vegs=7V
3 I
D
+ ) Ves=6V
1 (the) : IDS 2 o | GS
S (8 VGS = 5 V
— Vs (Source) ~
Vgs=4V -7V Vgg =4V
0
Vps (V)
(a) Simple MOSFET circuit (b) MOSFET characteristic

curves (sample)
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I )¢ = load current (from drain to source)
Vs = control voltage at the gate

Notice that the unit of g, is 1/R, known as siemens (S). An older term for conductance
(still in use) is mho, which is ohm spelled backwards.

EXAMPLE 4.5

For the power MOSFET whose characteristic curves are shown in Figure
4.23(b), find the gain g, .

SOLUTION

From Equation 4.5, we see that the gain g, is the change in output current due
to the corresponding change in input gate voltage. Thus, we pick two con-
venient gate voltages—say, 5 V and 6 V (which represents a change of 1 V)—
and divide that into the corresponding change in the load current /;:

Alps (QA-1A) 1A

Gain=gm=AVGS =6V-5V) :W:lS(orlmho)

The specifications for the Motorola MTW24N40E power MOSFET are shown in
Figure 4.24. Some important characteristics of this MOSFET are as follows:

I. Maximum load current (/j,q) is 24 A.

2. The gate threshold voltage (VGS(th)), the gate voltage that just causes the FET to con-
duct, is between 2 and 4 V.

3. The minimum FET gain, called the forward transconductance (gFS), is 11 mho.
(Note: gpq is the same as g, .)

4. Total power dissipation for the FET (Pp) should be less than 250 W.

EXAMPLE 4.6

A particular power FET (MTW24N40E) was found to just start conducting
when Vo =2.5V . Also, when Vo= 3V, the load current (/,,) was measured
to be 6 A. Is this FET operating within specifications?

SOLUTION

The spec sheet shows that the gate-threshold voltage Vs €an be between 2
V and 4 V. Thus if this FET starts conducting with a gate voltage of 2.5V, it
meets this spec.
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Figure 4.24
Specification for

the MTW24N40E
power MOSFET.
(Copyright ©
Semiconductor
Components
Industries, LLC.
Used by permission.)

Designer's™ Data Sheet
TMOS E-FET™
Power Field Effect Transistor

TO-247 with Isolated Mounting Hole

N-Channel Enhancement-Mode Silicon Gate

This high voltage MOSFET uses an advanced termination
scheme to provide enhanced voltage—blocking capability without
degrading performance over time. In addition, this advanced TMOS
E-FET is designed to withstand high energy in the avalanche and
commutation modes. The new energy efficient design also offers a
drain—to—source diode with a fast recovery time. Designed for high
voitage, high speed switching applications in power supplies,
converters and PWM motor controls, these devices are particularly
well suited for bridge circuits where diode speed and commutating

MTW24N40E

Motorola Preferred Device

TMOS POWER FET
24 AMPERES

RDs(on) = 0.16 OHM

400 VOLTS

safe operating areas are critical and offer additional safety margin D
against unexpected voltage transients.
» Robust High Voitage Termination
» Avalanche Energy Specified
s Source-to—Drain Diode Recovery Time Comparable to a G CASE 340K-01, Style 1
Discrete Fast Recovery Diode TO-247AE
« Diode is Characterized for Use in Bridge Circuits S
MAXIMUM RATINGS (T = 25°C unless otherwise noted)
Rating Symbol Value Unit
Drain—Source Voltage Vpss 400 Vde
Drain—-Gate Voltage (Rgg = 1.0 MQ) VDGR 400 Vdc
Gate—Source Voltage — Continuous VGgs +20 Vdc
— Non—Repetitive (tp <10 ms) VGsM +40 Vpk
Drain Current — Continuous Ip 24 Adc
— Continuous @ 100°C Ip 17.7
— Single Pulse (tp <10 us) iDM 72 Apk
Total Power Dissipation Pp 250 Watts
Derate above 25°C 20 WrC
Characteristic symbol | Min | Typ | Max | unit |
OFF CHARACTERISTICS
Drain—Source Breakdown Voltage V(BR)DSS
(Vs =0 Vde, Ip = 250 pAdc) 400 — — Vdc
Temperature Coefficient (Positive) —_ 360 — mv/°C
Zero Gate Voltage Drain Current lpss pAdc
(VDs =400 Vdc, Vs = 0 Vdc) - — 10
(VDs = 400 Vde, Vgg = 0 Vdc, Ty = 125°C) —_ - 100
Gate—Body Leakage Current (Vg =+ 20 Vdc, Vpg = 0) less —_ — 100 nAdc
ON CHARACTERISTICS (1)
Gate Threshold Voltage VGsith)
(VDs = VGs. Ip = 250 pAdc) 20 - 4.0 Vdc
Temperature Coefficient (Negative) —_ 7.0 - mv/°C
Static Drain~Source On—Resistance (VGg = 10 Vdc, Ip = 12 Adc) Rps(on) — 0.13 0.16 Ohm
Drain-Source On-Voltage (Vgg = 10 Vdc) VDS(on) Vvdc
(ip = 24 Adc) — — 4.5
(Ip = 12 Adc, T§ =125°C) - — 43
Forward Transconductance (Vps = 15 Vdc, Ip = 12 Adc) gFsS 1 17 — mhos
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The second set of data gives one operating point. Specifically, we are
told that an input voltage (V¢ = 3 V) gives a corresponding output current
(I, = 6 A). These numbers allow us to calculate the gain (transconductance)

) Alp 6A-0A 6A 5
Gain=g,, = 8s=Av_=3V-25V = g5y |

The operating value of g,¢ = 12 is above the minimum spec sheet value of 11,
so the FET is OK.

Figure 4.25
A silicon-controlled
rectifier.

4.4 SILICON-CONTROLLED RECTIFIERS

The silicon-controlled rectifier (SCR) is a three-terminal power-control device that is
a member of a group known as thyristors. Thyristors are four-layer semiconductor
devices that behave like a switch; that is, they are either conducting or nonconducting
(on or off). Constructed from four layers of semiconductor material (PNPN), as shown
in Figure 4.25(a), the SCR has three terminals: the anode (A), the cathode (K), and the
gate (G), as shown in the schematic symbol [Figure 4.25(b)].

The SCR is usually connected in series with the load as shown in Figure 4.26. Notice
that this circuit is similar to a transistor or FET power-driving circuit. In this case, the
load current enters the anode and leaves through the cathode. The gate is used to switch
the SCR from its nonconduction state (off) to its conduction state (on). Unfortunately
the gate cannot be used to turn the SCR off, as will be addressed later in this section.
Also, current can travel in only one direction through the SCR (as it does in a diode).

The best way to explain the operation of the SCR is with the characteristic curve,
which is given in Figure 4.27. Take time to consider this graph. First recognize that volt-
age across the SCR is on the horizontal axis, and current through the SCR is on the ver-
tical axis. The left side of the graph corresponds to the SCR being reversed-biased,

A A (Anode)
T (e}
P
N
Go | p o T
N (Gate)
1 !
K K (Cathode)

(a) SCR construction (b) SCR schematic symbol
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Figure 4.26
The basic SCR
circuit.

Figure 4.27
An SCR characteris-
tic curve (sample).

1
Trigger GC /!K "

circuit

which explains why there is no current flow (until reverse breakdown occurs at some
high negative voltage). The interesting action takes place on the right half of the graph,
where the solid line shows the action of the SCR when there is no gate voltage. As the
voltage across the SCR gets more positive, the current is held off until the voltage
reaches a value known as the forward breakover voltage, at which point the SCR turns
on and current starts to flow (and the blocking voltage shrinks back). The SCR is now
in the forward conduction region and is acting like a low-resistance closed switch. If
the current is now reduced below the value known as the holding current (I,;), the SCR
will immediately switch back into its high-resistance nonconducting state.

We now turn our attention to how the gate voltage affects the operation of the SCR.
When the gate voltage is V;, (in Figure 4.27), the forward breakover voltage is signif-
icantly reduced— that is, the SCR will turn on at a lower anode-cathode voltage (indi-
cated by the dashed line). If the gate voltage is high enough (called V;;), the SCR starts
conducting right away and requires almost no forward breakover voltage whatsoever.
This is the turn-on mode most practical SCR circuits use. Once the SCR starts to con-
duct, the gate voltage can be removed, and the SCR will remain in the conduction state.
Therefore, in many SCR circuits, the gate signal is actually a short “trigger” pulse, just
long enough to ensure that switching has occurred.

Turning on the SCR with the gate is relatively easy, but turning it off is another
matter. There is no way to command the SCR to turn off; the only way to turn it off is

+IAK

Forward conduction region

V,
L /Gl
|

—Vak Var / +Vak

Forward breakover voltage

—Iax
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Figure 4.28
Turning off an SCR
for a DC load.

to reduce the load current below the holding current (/,,) value. For DC circuits, this
can be done in a number of ways. The first method, illustrated in Figure 4.28(a), is to
open the load circuit with some other device—say, a switch. The second method, called
forced commutation, involves momentarily forcing the voltage across the SCR (V)
to zero (or below), thereby stopping the current. One way to do this is illustrated in
Figure 4.28(b), where a “shorting transistor” momentarily reroutes the current around
the SCR. Another way is shown in Figure 4.28(c) and uses a second SCR, to turn off
the main SCRI. The circuit works as follows: When the main SCR1 1s on, its anode volt-
age is practically 0 V; therefore, capacitor C can charge up through resistor R. To turn
off the main SCR, SCR, is triggered into conduction which “pulls down” the voltage
at the positive (+) end of C to 0V, temporarily causing the negative (—) end of C to drop
as well. The negative voltage on the anode of SCR, turns it off. Finally, when the capac-
itor discharging current wanes, SCR, turns off by itself.

Turning off the SCR for AC circuits is not a problem because it will naturally turn
itself off at each negative half-cycle (remember, the SCR can only conduct in one direc-
tion). So for AC applications, the SCR must be triggered on once for each positive half-
cycle, and then it will turn itself off at the end of that positive half-cycle.

Because SCRs work so well with AC, they are often used as the rectifier in an AC-
to-DC converter—for example, to control the speed of a DC motor. A simple SCR
speed-control circuit is shown in Figure 4.29(a). As you can see, the gate voltage is sup-
plied by the AC itself through potentiometer R and diode D. When the level of the gate
voltage gets high enough, the SCR turns on, and it stays on for the remainder of that
positive half-cycle. By increasing the resistance of R, the time at which the SCR fires
can be delayed, thus causing a shorter conduction period. These power bursts are aver-
aged out by the load (such as a motor) into an effective DC voltage.

The circuit just described can only control the trigger time from 0 to 90° of the sine
wave. To delay the trigger point beyond 90°, a capacitor can be added to the gate cir-
cuit as shown in Figure 4.29(b). As the capacitor C charges up through R, V. lags
behind (remember, this happens for each cycle). Using this circuit, known as a half-
wave phase-control circuit, the SCR firing can be delayed up to about 170°, resulting
in such a narrow “on time” that the DC equivalent is practically 0 V.

Off
—
) [ Load | L
1 1 _
SCR C
Off SCR, SCR;
On off On

(a) Using a switch (b) Using a transistor (c) Using a second SCR
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Figure 4.29
Turning on an SCR
for an AC load. (a)
Trigger circuit uses
a resistor only and
(b) trigger circuit
uses a resistor and
capacitor.

e AWAW AWA

AC:\/\/ CRVAY;

D ‘L
A i v, /1
(a) Using Ronly
Leoad ] AC /\ / AC /\ /
R RYAY2RAVAY,
" @ Tax Tak (\ Tak I\
v, - > T max - min -
V, r r
L ol WA

(b) Using Rand C

The AC-to-DC converter circuits described in the last two paragraphs are half-wave
rectifiers, which means only half of the potential AC power is used. The SCR can be
used in conjunction with a full-wave rectifier to make use of more of the AC power by
giving two power pulses per cycle. Such a circuit is shown in Figure 4.30 and is known
as a full-wave phase-control circuit. The waveform (Figure 4.30) for the SCR current
(1) depicts the situation when conduction starts at about 90°. On real systems, volt-
age is easier to measure than current, so it is important to know what the voltage wave-
forms look like. Notice that during conduction the SCR voltage (V, ) is practically
zero, and when the SCR is off, it assumes the entire line voltage.

Some other conditions (besides those already mentioned) could cause the SCR to
turn on:

1. If the voltage across the SCR (V) rises too quickly, the SCR may turn on, even if
the voltage is below the forward breakover voltage. This is called the dv/dt effect.
To eliminate this possibility, R snubber circuits are connected across the SCR to
prevent the voltage from rising too fast (see Figure 4.30).

2. After turning off, V, . and I,, must be held low for a given period of time or the SCR
will turn on again.

3. As the SCR temperature increases, the required breakover voltage decreases, thus
possibly causing the SCR to turn on.
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Figure 4.30
An SCR used
with a full-

wave rectifier.

ac ()

Full-wave

rectifier
/ AC line ‘ ‘ /
voltage ' !
90° 360°

| Vak / {

4. A different type of SCR, known as a LASCR (light-activated SCR), uses light energy
to trigger the conduction state. These devices have a little window that allows the
light to hit the necessary PN junction.

SCREs are available in a wide range of sizes, with current capacities from 0.5 to over
1000 A. A specification sheet of some Motorola SCRs is given in Figure 4.31. An expla-
nation of the parameters used is as follows:

V peak forward blocking voltage

VE:II::: peak reverse blocking voltage

I\ peak surge current

I gate trigger current, continuous DC
Vor:  gate trigger voltage, continuous DC

For example, a 2N6401 (Figure 4.31, seventh column, second row) can carry 16 A
of load current, should be used with supply voltages under 100 Vpeak (+ or -), can han-
dle brief surge load currents of up to 160 A, and requires 30 mA of gate current to turn
on, which can be achieved with 1.5 V on the gate.

EXAMPLE 4.7

A 15-A 120-Vdc motor is to be powered from a full-wave SCR circuit similar to
that shown in Figure 4.30. The source of power is 120 Vac. Select an SCR to do
the job from the list given in Figure 4.31.

SOLUTION

Although the motor is DC, it is getting power in the form of pulses of rectified AC.
We can calculate the peak voltage as follows:
120V
Ve = 0707 = 170V
Fifteen amps dc is equivalent to 15 A, , so given the choices available, we select

a 16-A unit that can take 400 V. A 2N6403 would be a good choice.



144

CHAPTER 4

Figure 4.31
Specification sheet
for SCRs. (Copyright
© Semiconductor
Components
Industries, LLC.
Used by permission.)

ON Semiconductor Selector Guide — Discrete Devices

Table 1. SCRs — General Purpose Plastic Packages (continued)
On-State (RMS) Current
10 AMPS 12 AMPS ] 16 AMPS 25 AMPS
Tg=75C Tg=90°C Tc=75°C Tc= To=80°C Te= T =80°C Tc=85C
90°C 90°C
A A A A
A A
K # K gl
A A
K G G K K
AG AG AG K AG
Sensitive Sensitive High High
Gate Gate Performance Performance
v Case 221A-07 DPAK Case Case 221A-09 Case Case Case 221407
DAM TO-220A8 Case 369A-13 21407 TO-220A8 221A-07 221A-09 TO-220AB
VRAM Style 3 Style 4 TO-220AB Style 3 TO-220AB | TO-220AB Style 3
(Voits) Style 3 Style 3 Style 3
50 — — —_— 2N6394 — —_ 2N6400 — 2N6504 | MCRE9-2
100 —_ — — 2N6395 _ —_ 2N6401 - 2N6505 | MCR69-3
200 — - —_ — — — — — - —
400 | MCR12LD(2) — — 2N6397 | MCR12D(2) - 2N6403 | MCR25D(2) | 2N6507 —
600 | MCR12LM®) | MCR12DCM(4) | MCR12DSM(4) | 2N6398 | MCR12M(2) — 2N6404 | MCR25M(2) | 2N6508 —
800 | MCR1Z2LN(2) | MCR12DCN®) | MCR12DSN4) | 2N6399 | MCR12N(2) | MCR16N(2) | 2N6405 | MCR25N(2) | 2N6509 —
Maximum Electrical Characteristics
hrsm 100 150 160 300 750(7)
(Amps)
60 Hz
6T 8 20 30 20 30 30 40 30
(mA)
laT 200
(1A)
VGT 1.5 1 15 22 1.7 15 1 15
(\4]
Min, Min.  Typical Min. Typical Min. Min. Min.
ov/oT 50 50 200 2 10 50 50 50
Viusec
T4 O0p -4010 —401t0 —40to -40to
Range +100 +125 +110 +125
(*C)

(2) No Suffix: Shipped in rails
(4) T4 Suffix: 2500/reel

(5) Add -001 suffix for straight iead DPAK
(M) Peak capacitor discharge current for t,, = 1 ms. ty, is defined as five time constants of an exponentially decaying current pulse

{crowbar applications).
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Figure 4.32
Triac

4.5 TRIACS

The triac is a three-terminal device that is similar to the SCR except that the triac can
conduct current in both directions. Its primary use is to control power to AC loads such
as turning AC motors on and off or varing the power for lighting and heating systems.
As indicated on schematic symbol [Figure 4.32(a)], the three terminals are MT,, MTZ*
(main terminals), and the gate. As the name suggests, the load current passes through
the main terminals, and the gate controls the flow. Figure 4.32(b) shows the equivalent
circuit of the triac, which consists of two back-to-back SCRs with a common gate.
When MT, is more positive, the current flows through SCR,; when MT;, is more posi-
tive, the current flows through SCR,,.

The operating characteristics of the triac are best explained using the characteris-
tic curve shown in Figure 4.33. Notice that the right half of the curve (in quadrant 1)
looks just like the SCR curve; no current flows until either the breakover voltage is
reached or the gate is triggered (indicated by dashed line). This same pattern is repeated
in Quadrant III (for voltage and current of the opposite direction). Also, like the SCR,
once the triac is triggered on, it will remain on by itself until the load current drops
below the holding current value (7,)).

A single cycle of AC has a positive and a negative half-cycle. The triac requires a
trigger pulse at the gate for each half-cycle and works best if the trigger is positive for
the positive half-cycle and negative for the negative half-cycle (although in most cases
the triac will also trigger if the gate goes negative in the positive half-cycle and if it goes
positive in the negative half-cycle.).

A triac can be used as an on-off solid-state switch for AC loads or to regulate power
to an AC load, such as a dimmer switch. A typical dimmer switch circuit is shown in
Figure 4.34. The action of this circuit is similar to that of the SCR circuit in Figure
4.29(b). For each half-cycle, the capacitor C starts to charge up through resistor R. When
the voltage V. gets large enough, the triac triggers into conduction and stays on for the

MT, MT,
(] @)

co

(gate)
] O
MT, MT,
(a) Triac symbol (b) Triac equivalent circuit

*Sometimes called anode 1 and anode 2.
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Figure 4.33
A triac charac-
teristic curve
(sample).

Figure 4.34

A phase-control
circuit using a
triac (as might be
used for a dim-
mer switch).

+/
Quandrant |
(MT, positive)

Quandrant Il
Breakover voltage
Iy + 7 /
H ’
L4
4
—VMT2 ro -1, +VMT2
Quandrant Il

(MT, positive) Quandrant IV

-1

remainder of the half-cycle. By changing the resistance in R, the trigger point can be
delayed, thus reducing the power to the load.

Triacs are available in various packages, some of which can handle currents up to
50 A (which is considerably less than the SCR). Figure 4.35 shows a sample selection
of triacs. An explanation of the specifications follows.

Vprum: Maximum off-state voltage allowed

Iq\: maximum load surge current

I and V@ gate current and voltage required to trigger triac into conduction

The two most common trigger conditions are MT2(+)G(+) and MT2(-)G(-), as used
in the circuit of Figure 4.34.

Calculation of Delay and Conduction Periods

As we have seen in the preceding sections, phase-control circuits (using SCRs and tri-
acs) regulate power to the load by turning on for a portion of the cycle period. As shown

~| Load I

Iy 1
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Figure 4.35 ON Semiconductor Selector Guide — Discrete Devices

A selection of tri-

acs. (Copyright © Table 2. TRIACs (continued)

Semiconductor On-State (RMS) Current
Components
. 10 AMPS 12 AMPS
Industries, - =
=70° = 85°
LLC. Used by c | Tc-gsc
permission.)
VDRM
(Vaits)
400 — MAC12HCD(2) —
600 MAC21048 MAC12HCM(?) MAC212A8
800 - MAC12HCN(2) MAC212A10
Maximum Electricai Characteristics
tTsMm (Amps) 100
IGT @ 25°C (mA)
MT2(+)G(+) 50 50 50
MT2(+)G(~) 50 50 50
MT2(-)G(-) 50 50 50
MT2(-)G(+) 75 — 75
VGT @ 25°C (V)
MT2(+)G(+) 2 1.5 2
MT2(+)G(-) 2 15 2
MT2(-)G(-) 2 15 2
MT2(-)G(+) 25 — 25
Ty Operating —-40to
Range (°C) +125

(2} No Suffix: Shipped in rails
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Figure 4.36
Delay and con-
duction periods
in SCR and triac
waveforms.

<~ 8.33 ms —>‘
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voltage 90°  180° 270° 360°

Delay Conduction
1 |

Triac
current | |
I N N

|
I
90° 180° 90° 180°

in Figure 4.36, for each half-cycle, the SCR (or triac) delays for a period of time and
then switches into conduction for the rest of the half-cycle. Delay and conduction meas-
urements are commonly expressed in units of time or as an angle. It is useful to be able
to make conversions between these two measurements.

In North America, AC power has a frequency of 60 Hz. Therefore, the time for each
half-cycle is

1
0.5 x 60 Hz = 8.33 ms

Therefore,
Delay time + conduction time = 8.33 ms (4.6)
So, for example, if an SCR had a conduction time of 3 ms, the delay time would be cal-

culated as follows: 8.33 ms — 3 ms = 5.33 ms.
When dealing with angles, recall that each half-cycle is 180°. Therefore,

Delay angle + conduction angle = 180° 4.7)
So, for example, if a triac had a delay angle of 30°, then
Conduction angle = 180° — 30° = 150°

Converting between time and angle measurements requires knowing the relationship between
time and degrees. For a 60-Hz system, there are 8.33 ms per half-cycle of 180°. Therefore,

8.33 ms
180°

or 46.3 ps = 1 deg (for a 60-Hz system) (4.8)

=46.3 ps/deg
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So, for example, if a triac had a conduction angle of 120°, we could calculate the con-
duction time as follows: 46.3 us/deg x 120° = 5.56 ms.

EXAMPLE 4.7

For a 60-Hz system, a particular SCR delays 5 ms before firing.
(a) Find the conduction time for this SCR.
(b) Find the conduction angle for this SCR.

SOLUTION
(a) To find the conduction time, we apply Equation 4.6:

Delay time + conduction time = 8.33 ms

Rearranging, we get Conduction time = 8.33 ms — delay time
And solving yields Conduction time = 8.33 ms — 5 ms = 3.33 ms
Therefore, the conduction time is 3.33 ms.

(b) To find the conduction angle, use the relationship of Equation 4.8 to con-
vert conduction time to conduction angle.For 60-Hz systems,

: ldeg
46.3 ps = 1 deg , so the conversion factor is 463 us

We can use this conversion factor to convert conduction time to conduction
angle.

1 deg « 1000 ps
463 us 1 ms

Conduction angle = 3.33 ms X =71.9 deg

Therefore, the conduction angle is 71.9°.

4.6 TRIGGER DEVICES

The SCR and triac devices discussed in the previous sections both require trigger cir-
cuits to provide the gate turn-on signal. Ideally, this signal is a strong pulse delivered at
the right time. Various semiconductor devices are particularly suitable for this job
because of their bistable nature. This section gives a brief introduction to some of the
most common triggering devices. For more information, consult a semiconductor
devices text.
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Figure 4.37 B, (Base 2) e
The unijunction
transistor (UJT). Ie

E

(Emitter)
v, V
B, (Base 1) ? =
(a) UJT symbol (b) UJT characteristic curve (sample)

Unijunction Transistors

The unijunction transistor (UJT) symbol and characteristic curve are shown in Figure
4.37. Notice that it has three terminals: base I (B,), base 2 (B,), and the emitter (E).
The UJT operates as follows: For low emitter voltages (Vg , there is no emitter cur-
rent (I). Once Vi, reaches V, (which is about two-thirds of the voltage between B,
and B,, the transistor fires, and current is allowed to surge through the emitter and B,.
UJTs are often used to trigger SCRs, as shown in the simplified circuit of Figure 4.38.
For each positive half-cycle of the AC, the capacitor C charges up through R,. When
V- gets high enough, the UJT fires, and the resulting current through B, develops a large
voltage across R, and triggers the SCR.

Programmable Unijunction Transistors

The programmable unijunction transistor (PUT) behaves like the UJT except that
the firing voltage is adjustable via a resistor-divider network. The symbol and simpli-
fied trigger circuit are shown in Figure 4.39. Notice that it has three terminals: the anode
(A), cathode (K), and gate (G). Like the SCR, the main current from A to K is held off
until the anode voltage reaches V, (peak voltage), at which point the PUT is triggered
into conduction. The DC voltage on the gate determines what V,, will be. In the circuit
shown in Figure 4.39(b), R, and R, form a resistor divider that establishes the gate volt-
age and hence the trigger point. The rest of the circuit is similar to other trigger circuits
already discussed.

Figure 4.38
Using a UJT to
trigger an SCR. Load

SCR
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Figure 4.39
The programma-
ble unijunction
transistor (PUT).

Figure 4.40
The diac.

A (Anode)
o roce R1%| Rsé
A G

(Gfte) AC @ PUT R 4§

~ . Trigger
c K to SCR
) R
K (Cathode)
(a) PUT symbol (b) Using a PUT to create a trigger signal

Diac

The diac symbol and characteristic curve are shown in Figure 4.40 It is a two-terminal
bidirectional device, and it behaves essentially like a triac without a gate. As the curve
indicates, if the voltage across the diac exceeds the breakover voltage (in either direc-
tion), it triggers into conduction mode and stays there until the the load current drops
below the holding current. Diacs are frequently used to trigger triacs in full-wave AC
applications, as shown in the simplified circuit of Figure 4.41. On the positive cycle of
the AC, the capacitor will charge through R. When the voltage V. rises to the positive
breakover voltage of the diac, it (the diac) will trigger into conductlon which will then
trigger the triac. Then, on the negative half-cycle of the AC, the capacitor will discharge
through R, and when V_ drops to the negative breakover voltage of the diac, the diac
will again trigger into conduction, which will trigger the triac. The silicon bidirectional
switch (SBS) is similar to the diac except that it turns on more sharply and is more tem-
perature stable. In addition, the SBS has a gate terminal that can be used or not; if used,
it can alter the breakover voltage.

+/

Breakover
MT, —Pi—— MT, voltage
1 L /
MT —u— MT - -
! 2 -V I I +V

MT, ——\ —— MT,

-1

(a) Diac symbols (b) Diac characteristic curve (sample)
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Figure 4.41
Using a diac to
trigger a triac.

Load

ac () A
Ve zE’riac

C‘I" Diac

SUMMARY

Switches are manually operated contacts that open and close. Many sizes and styles of
switches are available, the most common being toggle, pushbutton, slide, DIP, rotary,
thumbwheel, and membrane. Many of these styles are available with multiple contact
configurations.

The traditional electromechanical relay (EMR) uses an electromagnet to open and
close electrical contacts. Relay contacts are either normally open or normally closed,
which refers to their unenergized state. As with switches, relays come in many sizes
and contact configurations. Solid-state relays (SSRs) are solid-state switching circuits
packaged so they can be used in place of EMRs in some applications.

The bipolar junction transistor (BJT), or simply transistor, is a three-terminal solid-
state device that works like a valve to control the flow of current through a load (such as
a motor). The transistor is a current amplifier, which means that the load current will
be a multiple of the input base current. Another kind of transistor, called the field effect
transistor (FET), performs the same job as the BJT, the main difference being that (for
the FET) the load current is a function of the input gate voltage.

The silicon-controlled rectifier (SCR) is a three-terminal, bistable, solid-state device
capable of switching very large DC currents. The SCR is easily switched on with a trig-
ger pulse (to its gate terminal); however, the only way to turn it off is by reducing the
load current to a very low value. Turning off the SCR requires additional circuitry for
DC loads, but is not a problem in AC applications.

A triac is a three-terminal, bistable, solid-state device capable of switching AC cur-
rent. The triac must be triggered into conduction each half-cycle with a trigger circuit.
By delaying the trigger pulses, the amount of load power can be reduced, as in a lamp
dimmer switch.

There are a number of smaller, bistable, solid-state devices that find uses in trig-
gering SCRs and triacs. Examples of these devices are the unijunction transistor (UJT),
the programmable unijunction transistor (PUT), and the diac.
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GLOSSARY

anode One of three terminals of an SCR and PUT.
base One of three terminals of a transistor.
biasing circuit The part of a transistor circuit that generates the forward bias voltage.

bipolar junction transistor (BJT) Known as a transistor, a solid-state device that
can be used as a switch or an amplifier.

BJT See bipolar junction transistor.
cathode One of three terminals of an SCR and PUT.

class A operation The event when a transistor is biased so the collector current is
approximately half of its maximum value.

class B operation The event when a transistor is biased so that the collector current is
just turning on.

class C operation The event when a transistor is biased below cutoff and used as an
on-off switch.

collector One of the three terminals of a transistor.
contactor A heavy-duty relay that switches power directly to motors and machinery.

Darlington A three-terminal device (made of two transistors) that behaves like a tran-
sistor with a very high h__ value.

diac A bistable, two-terminal, solid-state device that is used to trigger the triac.

DIP switch A set of SPST switches built into the shape of an IC (DIP stands for dual
in-line package).

double-pole/double-throw switch (DPDT) A switch contact configuration.
DPDT See double-pole/double-throw switch.
drain One of three terminals in an FET.

dv/dt effect The event when the SCR turns on if the anode-cathode voltage rises too
quickly.

electromechanical relay (EMR) A device that uses an electromagnet to open or close
electrical contacts.

emitter One of three terminals of a transistor.

EMR See electromechanical relay.
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enhancement mode Property of some MOSFETs where the gate voltage can always
be positive (for N-channel).

FET See field effect transistor.

field effect transistor (FET) A three-terminal solid-state amplifying device that uses
voltage as its input signal.

forced commutation The process of turning off an SCR by momentarily forcing the
anode-cathode voltage to 0 V (or below).

forward bias voltage The DC offset base voltage required to start the transistor con-
ducting.

forward breakover voltage The voltage across a thyristor that causes it to switch into
its conduction state.

forward conduction region The operating range of a thyristor when it is conducting.

forward current gain (h..) The gain of a transistor; the collector current divided by
the base current.

gain-bandwidth product (f;) A constant for an amplifier that is the product of the
open-loop gain and the frequency; can be read as the frequency when a transistor’s gain
has been reduced to 1.

gate One of three terminals in an SCR, PUT, FET, and triac.

heat sink A piece of metal, possibly with cooling fins, used to dissipate heat from a
power device to the air.

holding current (/) The minimum anode current required to keep the thyristor in the
conduction state.

hybrid solid-state relay A device that uses a reed relay to activate a triac.

Inss The highest possible drain current for a particular JFET; occurs when the gate volt-
ageis O V.

JFET See junction FET.

junction FET One type of an FET.

limit switch A switch used as a proximity sensor.

membrane switch Usually a keypad with a flexible membrane over the top.
metal-oxide semiconductor FET (MOSFET) One type of an FET.
microswitch A small push-button switch with a very short throw distance.
minimum holding voltage Minimum voltage needed to keep a relay activated.

momentary-contact switch A switch position that is spring-loaded.
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MOSFET See metal-oxide semiconductor FET.
MT, One of three terminals of a triac.
MT, One of three terminals of a traic.

normally open (NO), normally closed (NC) The state of momentary switch or relay
contacts when the device is not activated.

NPN, PNP The two basic types of transistors, the difference being the direction of cur-
rent and voltage within the device.

phase-control circuit A circuit that can delay conduction for part of the AC cycle
for the purpose of reducing average output voltage.

power transistor A transistor designed to carry a large current and dissipate a large
amount of heat.

programmable unijunction transistor (PUT) A solid-state device that performs the
same function as a UJT except that the trigger voltage is adjustable.

pull-in current Minimum current needed to activate a relay.
pull-in voltage Minimum voltage needed to activate a relay.
push-button switch A momentary switch activated by pushing.
PUT See programmable unijunction transistor.

reed relay A small relay with contacts sealed in a tube and activated by a magnetic
field.

rotary switch A rotating knob that activates different switch contacts.
SCR See silicon-controlled rectifier.
sealed current Current required to keep a relay energized.

shaded pole A small metal ring around the end of the electromagnetic pole of an AC
relay, for the purpose of keeping the relay from “buzzing” at 60 Hz.

silicon-controlled rectifier (SCR) A bistable, three-terminal, semiconductor device
used to switch power to a load.

single-pole/double-throw switch (SPDT) A switch contact configuration.
single-pole/single-throw switch (SPST) A switch contact configuration.
slide switch Similar to a toggle switch except the handle slides back-and-forth.

snubber A circuit that prevents a fast voltage rise across an SCR, for the purpose of
keeping it from false firing.

solid-state relay (SSR) A solid-state switching device used as a relay.
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source One of three terminals in an FET.

SPDT See single-pole/double-throw switch.

SPST See single-pole/single-throw switch.

SSR See solid-state relay.

switch wafer Part of a rotary switch.

three-position switch Switch with a center position.

thumbwheel switch Switch that rotates a drum to select numeric data.

thyristor A class of four-layer semiconductor devices (such as PNPN) that are inher-
ently bistable; the SCR and triac are thyristors.

toggle switch A manually operated device that connects or disconnects power.

transconductance (g,) The gain of an FET, which is the change in drain current
divided by the change in gate voltage.

triac A bistable, three-terminal, solid-state device that switches power.

trigger circuit A circuit used to generate the turn-on pulse for an SCR or a triac.
two-position switch A toggle or slide switch with two positions.

UJT See unijunction transistor.

unijunction transistor (UJT) A bistable, three-terminal solid-state device that pri-
marily triggers an SCR.

V,

Gs(off) The gate voltage necessary to turn the drain current off (for a JEET).

wiper The center and/or moveable contact in a switch.

zero-voltage switching As applied to SSRs, the delay in switching until the AC volt-
age crosses the zero point.

EXERCISES

Section 4.1

1. Draw the symbol of a DPDT toggle switch and explain how it operates.

2. Draw the symbol of the 1ISCY 191 switch (Table 4.1) and explain how it operates.

3. Draw the symbol of the 2SHX191 switch (Table 4.1) and explain how it operates.

4. For a rotary switch, draw a picture of the contact configuration for a one-pole/four-
throw switch (terminal C makes contact with one of four terminals).
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Section 4.2

9.

10.

Draw the schematic symbol of a DPDT relay and explain how it works.

Draw the schematic symbol for the Y4-V52 relay (Table 4.2).

For relay Y4-V52 (Table 4.2), what are the voltage and current specifications for
the coil and contacts?

For the relay Y6-V430 (Table 4.2), what are the voltage and current specifications
for coil and contacts?

From the list of relays (Table 4.2), select a model to be used on an automobile to
turn on a small spotlight (1.5 A).

List the advantages and disadvantages of an SSR versus an EMR.

Section 4.3

11.

12.

13.

14.

15.

16.

17.

18.

19.

20.

21.

22,

23.

A transistor has a current gain of 60 and a collector current of 5 A. Find the base
current.

A transistor has a current gain of 40 and a base current of 25 mA. Find the collec-
tor current.

Calculate the exact and approximate emitter currents for the transistor described
in Exercise 12.

A transistor with a gain of 35 has an input curve similar to that shown in Figure
4.16. The base voltage (V) is measured to be 0.8 V.

a. Find the base current.

b. Find the collector current.

For the transistor circuit shown in Figure 4.19, calculate /. if the resistor R, is
changed to 1.3 kQ. (Assume input curve Figure 4.16 applies.)

For the transistor circuit shown in Figure 4.19, calculate the /. if the resistor R, is
changed to 120 kQ. (Assume input curve Figure 4.16 applies.)

In regards to transistor amplifiers, explain the difference between class A, class B,
and class C operations.

A 100-W power transistor is operating at a temperature of 60°C. What is the actual
power capacity? (Assume a derate 0.57 W/°C above 25°C.)

Select a non-darlington transistor from the list in Figure 4.21 to meet at least the
following specifications: Load current = 5 A, power dissipation = 60 W, and min-
imum gain = 15.

Draw a simple series circuit where an FET is used to control the power to a load
and explain how it works. Include in your explanation the terms gate voltage,
drain-source current, and g, .

List the differences between a JFET and a MOSFET.

For the FET circuit shown in Figure 4.23, find the load current if the gate voltage
is6.5V.

A circuit uses the MTW24N40E MOSFET (Figure 4.24) and has a gate voltage
(V) of 5 V. Find the minimum and maximum drain current that could be expected
in this circuit. (Assume g, = 12 mho.)
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Section 4.4

24,
25.
26.
27.
28.

29.

For an SCR, sketch the characteristic curve and use it to explain how the device
operates.

List the three ways to turn an SCR off (for a DC circuit).

Explain why turning off the SCR is not a problem in AC circuits.

For a half-wave phase-control circuit, draw the waveforms for 1, and V, . if the
SCR starts conducting at 45°.

For a full-wave phase-control circuit, draw the waveforms for /7, and V, . if the
SCR starts conducting at 135°.

Select an SCR from the list in Figure 4.31 to meet the following specifications:
Load current = 11 A and load voltage = 240 Vac. What is the trigger voltage
required for your selected SCR?

Section 4.5

30.

31.
32.

33.
34.
3s.
36.

Sketch the characteristic curve for the triac and use it to explain the operation of
the device.

Draw the output waveform (7, ) for a triac circuit that triggers at 60°.

Select a triac from the selection given in Figure 4.35 to meet the following speci-
fications: Load current = 8 A and load voltage = 120 Vac. What is the trigger volt-
age required for your selected triac?

For a 60-Hz system, a triac has a conduction time of 2 ms. Find the delay time.
For a 60-Hz system, a triac has a conduction angle of 45°. Find the delay angle.
For a 60-Hz system, a triac has a delay time of 3.52 ms. Find the conduction time.
For a 60-Hz system, a triac has a conduction angle of 85°. Find the conduction
time.

Section 4.6

37.
38.
39.

What is the function of R, in the UJT circuit of Figure 4.387
What is the purpose of R, and R, in the PUT circuit of Figure 4.397
Explain how the diac triggers the triac in the circuit of Figure 4.41.
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Mechanical Systems

OBJECTIVES

After studying this chapter, you should be able to:

* Understand the properties of static, sliding, and viscous friction.

* Differentiate among the various types of springs and calculate the force that
a spring exerts.

* Use the basic equations of linear and rotational motion to calculate the dis-
tance, velocity, and acceleration of an object acted on by a force.

* Convert the equivalent amounts of energy used in chemical, thermal, mechan-
ical, and electrical systems and calculate energy-conversion efficiency.

* Understand the concept of heat conduction and perform simple heat-con-
duction calculations.

* Understand the properties of underdamped, overdamped, and critically
damped mechanical systems.

* Calculate mechanical resonant frequencies.

* Understand the use of the various gear types and their terminology and per-
form gear train calculations.

* Know the characteristics of belts and roller chains used for power transfer.

INTRODUCTION

To understand the total electromechanical system, we need to understand some basic
mechanical principles. In some ways, understanding the mechanics is easier than the
electronics because at least you can see what the mechanical parts are doing. People
have been watching things move all their lives—motors, gears, levers, springs, and so
on, and have some feel for what is going on. In this chapter, we will first review the
basic principles that dictate how mechanical systems respond to various forces and
movements. Then the concepts of energy transfer, efficiency, and heat conduction will
be introduced. We will not examine how strong a part is or how to design it—that is left
to mechanical engineering textbooks.
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An important part of any mechanical system is how power is transmitted from the
power source to what is being driven. We will examine three ways this is done: gears,
belts, and roller chains.

You may notice that many of the mechanical concepts have electrical analogs. For
example, in a mechanical system, force causes movement; in an electrical system, volt-
age causes current. Friction is analogous to resistance, and mechanical resonance is
similar to electrical resonance. The same set of principles can be applied in many areas.

A note about units: The United States is in the middle of the long slow process of
switching from the English (or customary) units (inches, feet, pounds, etc.) to the SI
(or metric) units (centimeters, meters, kilograms, etc.) Today, many machines in serv-
ice, as well as many new machines, are based on the English system, but the trend is
toward machines based on the metric system. This text uses primarily English units,
but some examples are repeated using the SI units so that students can be exposed to
both systems.

5.1 BEHAVIOR OF MECHANICAL COMPONENTS

Overview

An electronic controller outputs signals that are either analog or digital. When these
signals are converted into mechanical motion, it becomes an electromechanical system,
and we need to deal with a whole new set of conditions. Mechanical systems are subject
to friction, flexing of parts, backlash, and effects of weight and inertia. The general
effect of these factors is to slow the reaction time and/or make it difficult to move to a
certain position with precision. Furthermore, mechanical parts tend to vibrate under
certain conditions, which can cause damage to the parts as well as render the system
useless.

Friction

Sliding friction, the drag force that is always present when parts slide against each
other, is caused by high spots on the sliding surfaces interfering with each other. Figure
5.1 illustrates this; the high spots tend to “catch” on each other and resist motion.

Friction force is proportional to the normal force (), which is the force pushing
the parts together. The normal force could simply be the weight of the sliding part
[Figure 5.2(a)], or the force could come from a bolt or spring, squeezing the sliding sur-
faces together, as in the partially tightened bolt in Figure 5.2(b). Often, parts need to
move freely against each other, and this can present a dilemma. A snug fit is desirable
for reducing rattles, but will have more friction than if the parts fit loosely.

Friction is greatest at startup. It takes more force to start a part moving than it does
to keep it moving, sometimes twice as much. Startup friction is known as static friction;
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Figure 5.1
Friction is caused
by uneven surfaces
“catching.”

Figure 5.2
Friction is propor-
tional to normal
force (N) caused by
(a) a weight and (b)
bolt tightening.

_~

it is particularly troublesome for control systems because, once enough force is applied
to overcome the static friction, the resistance immediately drops and the part tends to over-

shoot its destination. We will discuss how to deal with this problem in Chapter 11.

As you might imagine, the actual value of force necessary to overcome friction
depends on the type of materials involved as well as on the normal force; soft rubber
has more friction than steel. Materials can be tested for friction and assigned a value
called the coefficient of friction (). Table 5.1 gives the coefficient of friction for some
common materials, but note that these values can vary widely from test to test and
should be considered approximate. Using the coefficient of friction and the normal
force, we can calculate the force to overcome friction from Equation 5.1.

where

F=pN

F =force to overcome friction
u = coefficient of friction (dependent on material)
N = normal force—that is, force pushing materials together

T-

— F

Weight (N)

(a) Friction (F) proportional to weight

N£» -ﬂ%N
o | |

(b) Friction from tightening bolt

(5.1
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TABLE 5.1

Coefficient of Friction for Various Materials*

Material Static Sliding
Steel on steel 0.78 0.42
Aluminum on steel 0.61 0.47
Glass on glass 0.94 0.40
Oak on oak 0.62 0.48
Rubber on pavement 0.9 0.85
Diamond on diamond 0.2

Teflon on Teflon 0.04

*from Marks Standard Handbook for Mechanical Engineers 1967 and others

EXAMPLE 5.1

A steel block weighing 1.5 Ib is resting on a steel surface.
a. How much force is necessary to get it started sliding?
b. How much force is necessary to keep it sliding once it is moving?

SOLUTION

If the block weighs 1.5 Ib, then the force between the block and the steel sur-
face is 1.5 Ib, which means that the normal force is 1.5 1b. To solve this prob-
lem, we will employ Equation 5.1 twice, the first time using the coefficient of
friction for static friction, the second time using the value for sliding friction.

To move the block from rest, use the static-friction value for p (for steel).

F=pN=0.78x151b=1.171b
To keep the block sliding once it is in motion, use the sliding-friction value for .
F=uN=045x%x1.51b=0.681b

Therefore, we can say that 1.17 1b of force is necessary to get the block mov-
ing from a standstill, but only 0.68 Ib of force is necessary to keep it sliding
once it is moving.

Lubrication between the parts can greatly reduce the friction and change its char-
acter. Ideally, the lubricant keeps the parts from actually touching each other, and the
movement is supported by layers of lubricant slipping over each other. The drag on the
part from the lubricant is known as viscous friction, and its force is directly propor-
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Figure 5.3

A ball bearing and a roller
bearing. (Roller bearing
courtesy of The Timken Co.)

tional to the relative velocity between the moving parts. (This is different from sliding
friction where the drag force is relatively constant.) A good lubricant must be sticky
enough to adhere to the material, but not so sticky as to impede motion. A potential
problem is that contaminants in the area such as dirt and sand will tend to stick in the
lubricant, which will increase the friction and possibly damage the parts. Some appli-
cations use a “dry” lubricant, which is available in a spray can and is applied as a thin,
nonstick coating on a part. Some mechanical joints are designed to run “dry” without
any lubricant; therefore, check the manual before you lubricate with oil every moving
joint you see.

Rolling friction produces considerably less drag than sliding friction. For example,
using a wagon to carry something requires less “pulling force” than dragging it. Ball
bearings and roller bearings (Figure 5.3) make use of this property to achieve very low
friction values.

That part of energy expended overcoming friction is converted to heat. Any system
that transports mechanical energy, such as a ball bearing or a gearbox, has a certain effi-
ciency. The efficiency tells what percentage of the mechanical power going in actually
comes out, with the rest being lost to friction. A ball bearing can be 99% efficient, a
bicycle chain is about 96% efficient, but a worm gear may be only 60% efficient.
(Energy and efficiency are discussed later in this chapter.)

Springs

Common components in mechanical systems, springs absorb shock (for example, auto-
mobile chassis springs), store energy in spring-wound motors, and provide a constant
pressure (for example, in a clothespin).

(a) Ball bearing (b) Roller bearing
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The force that a spring produces can be predicted using Hooke’s law, which the
following states mathematically:

F=kx 5.2)

where

F = push or pull force of the spring

k = spring constant, different for each size of spring
x = distance spring is extended from its ’rest length”

Equation 5.2 tells us that the more a spring is extended or compressed, the more force
it produces. Because force increases linearly, to get twice the force, you must extend it
twice as far. This relationship has a limit, of course. At some point, the spring will
deform and never return to its original shape. The use of Hooke’s law is illustrated in
Example 5.2.

EXAMPLE 5.2

A coil spring with a spring constant of 10 Ib/in. has a rest length of 2.0 in. In
a machine, it provides a constant pressure on a belt-tensioning pulley (Figure
5.4). The spring length in the machine is 2.5 in. How much force is the spring
providing?

SOLUTION
First, we calculate the distance the spring is extended by finding the difference
between the extended length and the rest length:
x=2.51n. - 2.0 in. = 0.5 in.

Now use the spring constant (k) of 10 1b/in. in Equation 5.2 to calculate the
force the spring exerts on the pulley:

F=kx

101b

=" XxX05in.=51b
in.

The spring is exerting a pressure of 5 1b on the tensioning pulley.

Many different types of springs are in use. Perhaps the most common is the coil
spring; coil springs can be either extension or compression types [Figure 5.5(a)].
Extension springs may have completely closed coils at rest. They are used to provide a
pull as described in Example 5.2. Compression springs usually have flat ends and are
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Figure 5.4

A spring used to
provide tension on
a belt-tensioning

pulley (Example 5.2).

Figure 5.5
Types of springs.
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(a) Compression spring and extension spring (b) Motor spring
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(c) Torsion spring (d) Flat spring
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(e) Leaf spring
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Figure 5.6

A long, thin part is
more springy than
a short, thick part.

intended to be compressed. Examples of these are valve springs in an engine and the
small springs under each key in a keyboard.

Figure 5.5(b) illustrates a motor spring, a flat strip rolled in a coil with one end
fixed. The energy-storage capacity of a spring is not as high as a battery for equal
weights; however, a spring will not discharge “on the shelf,” and its output is direct
mechanical motion. Torsion springs are used to provide torque or twist. Figure 5.5(c)
illustrates one example. A typical clothespin uses a torsion spring. A flat spring, a thin
flat piece of metal [Figure 5.5(d)], is a simple device used extensively in applications
where a constant pressure is needed and the deflection distance is low. A leaf spring
[Figure 5.5(e)] is made from several large flat springs. The leaf spring has the combined
load strength of the individual flat springs.

Finally, it is important to realize that every mechanical part is a spring, whether it
was intended to be or not. Any piece of material (particularly metal) will deflect under
pressure and then spring back when the pressure is removed. The actual spring constant
of a part depends on its composition, its shape, and how the force is applied. In gen-
eral, a long thin part is much more springy than a shorter thicker part (Figure 5.6). As
we will see later in this chapter, the springiness of system components can adversely
affect the performance of a machine.

Mass and Inertia

Every mechanical part has a mass, which is a measure of the amount of matter present.
The primary unit of mass is the kilogram (kg), (there is no common unit of mass in cus-
tomary units). Related to mass is the familiar concept of weight. Weight is the downward
force that an object exerts because of gravitational attraction. Weight is measured in units
of force, such as the pound (Ib). In the SI system, force is measured in Newtons (N),
where 1 N is equivalent to 1 kg - m/s%. The Newton is equal to a force of 0.224 Ib.

Springy
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On Earth, mass and weight are directly proportional to each other and are often
used interchangeably by the general public. For example, in Europe, people buy oranges
by the kilogram, whereas oranges are sold by the pound in the United States. However,
from an engineering standpoint, mass and weight (force) are different concepts and
must be treated as such. Newton’s second law of motion (Equation 5.3) specifies the
relationship between mass and force, telling us that when a force is applied to a mass,
the mass will accelerate:

F=ma (5.3)

where

F =force applied

m = mass of the object being moved
a = acceleration of the object

The relationship between weight and mass can be expressed as a special case of
Equation 5.3, given as

w=mg (5.3a)
where
w = weight (downward force due to gravity)
m = mass

g = acceleration of gravity (32 ft/s? or 9.8 m/s?)

In Equation 5.3a, weight has been substituted for force, and the gravitational constant
(g) has been substituted for acceleration. As you will see, Equation 5.3a will be used
when solving numerical problems.

Momentum is a property of a moving object. It takes more effort to stop a rolling
car than a child’s wagon—we say that the moving car has more momentum.
Momentum is defined as mass times velocity and is a measure of how much energy it
takes to get a part moving. This same amount of energy must be dissipated when the
part is stopped.

Momentum = my 5.4

where
m = mass of the moving object
v = velocity of the object

Inertia, a basic characteristic of mass, is the tendency of an object to remain at rest
or in motion unless acted on by an external force. An example would be throwing a ball.
Once the ball leaves your hand, it continues to move through the air because of inertia.
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Figure 5.7
A demonstration of force
and inertia.

(a) Object is at rest

(b) Object accelerates
because of force F

(c) Force is removed, and
object coasts from inertia

(d) Obiject stops, giving
up its energy

Figure 5.7 uses a car to illustrate the basic concepts of linear motion (moving in a
straight line).

Inertia is also demonstrated when an object rotates about an axis. Consider a bicy-
cle wheel and a car wheel. Both are about the same diameter, but the heavier car wheel
has much more inertia and therefore takes more energy to get spinning. However, the
inertia of a rotating part is a function of shape and mass, not just mass alone, and is
given a special name: moment of inertia (/). Figure 5.8 shows a few shapes. In gen-
eral, parts that have the bulk of their mass at a distance from the axis have more rota-
tional inertia than parts where the bulk of the mass is close to the axis. Equations are
available to calculate the moment of inertia for different shapes. Notice that the fly-
wheel in Figure 5.8(a) has far more rotational inertia than the solid wheel of Figure
5.8(b), even though both wheels are the same mass. This is because most of the mass
in the flywheel is concentrated as far from the axis as possible. Figure 5.8(c) shows the
rotational inertia in a long beam. A part does not have to look like a wheel to have rota-
tional inertia; the only requirement is that it rotates about an axis. In Figure 5.8(c), most
of the mass is farther from the axis, so the moment of inertia is higher than the situa-
tion in Figure 5.8(d) where the axis is through the middle.

In some situations, high rotational inertia is desirable, in which case a flywheel is
used. For example, in a car engine, the flywheel smooths out the power impulses from
the individual pistons. However, in most cases, inertia creates problems for electro-
mechanical control systems because a high-inertia part takes more force to get moving
and more force to stop. This results in slower response times and positional inaccura-
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Figure 5.8
Moments of inertia for
four shapes.

T\

~

Axis
//

(a) Flywheel I = MR? (b) Solid wheel 7 =2 MR? (c) Axis atend 7= ML? (d) Axis in middle / = > ML?

cies. The question is, Why not design parts to have less inertia? The problem is that
inertia is a function of weight, and weight is a function of strength. Obviously, a part
must be strong enough to carry the load, so a certain amount of inertia is unavoidable.

Basic Equations of Motion for Linear Systems

A set of basic equations allows you to calculate the position, velocity, and the time it
takes to get someplace, for an object being acted on by a force. Perhaps you have seen
and used these before in a physics class, but it is worthwhile to repeat here because we
will be using them from time to time in the text to explain mechanical behavior.

We will start by repeating Equation 5.3:

F=ma

This equation is used to calculate the force required to accelerate an object. The veloc-
ity of an object that is being uniformly accelerated can be computed from Equation 5.5.
Remember that a uniform acceleration means that the velocity is increasing at a con-
stant rate:

v=at (5.5

where

v = velocity

a = acceleration

t =time it takes to go from rest to velocity v
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The distance that an object with a constant velocity has traveled in a certain time
can be computed as follows:

d=vt (5.6)

where

d = distance the object has moved

v = velocity of the object

t = time the object has been moving

The distance that an object under uniform acceleration has traveled in a certain time
is computed as follows:

! 2
d="at 5.7)

where

d = distance the object has moved
a = acceleration

t = time since acceleration started

Finally, we can use Equation 5.8 to calculate the velocity if the distance over which
an object has been accelerating is known:

v="V2ad (5.8)

where

v = velocity

a = acceleration

d = distance the object has moved under acceleration

EXAMPLE 5.3

A pneumatic cylinder pushes defective parts off a conveyer belt (Figure 5.9).
A part could weigh up to 10 Ib, and it must be pushed a distance of 1 ftin 1 s
or less. What constant force of the cylinder would be required to do the job?
(Pneumatics is covered in Chapter 10.)

SOLUTION

We are given the distance a part has to be moved and the time to do it. None
of the preceding equations relate distance, time, and force directly, but
Equation 5.7 relates time, distance, and acceleration. Once we know the accel-
eration required, we can calculate the force required, using Equation 5.3. So,
starting with Equation 5.7,
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Figure 5.9
The pneumatic
cylinder must
push a defective
part off the con-
veyer belt in

1 s orless
(Example 5.3).

1
d=—ar?
2
We first solve for a:
2d 2x1ft
a=—-= =2 ft/s?
- 152

Knowing the acceleration, we now calculate the force required to give that
acceleration, using Equation 5.3:

F=ma

But first we must calculate mass from weight using Equation 5.3a.

101 Ib - s?
w 01b 031bs

m=—= =0.
g 32 ft/s? ft

Finally, we calculate the required force of the cylinder from Equation 5.3:

2
_031Ib-s7 21t oo
ft s2

=ma

The cylinder must push with a force of at least 0.62 1b.
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EXAMPLE 5.3 (Repeated with SI Units)*

A pneumatic cylinder pushes defective parts off a conveyer belt (Figure 5.9).
A part could have a mass of up to 5 kg, and it must be pushed a distance of 25
cmin 1 s or less. What is the force of the cylinder?

SOLUTION
Calculate the required acceleration of the part, using Equation 5.7:
1
d=—at’
2

Next, solve for a:

_2d_2><250m_500m_0.5m

£ 1s? s? s?
Knowing the acceleration, we now calculate the force required to give that
acceleration, using Equation 5.3:

F=ma

0.5
= 5kgx——

=25N
S

The cylinder must push with a force of at least 2.5 N.

EXAMPLE 5.4

An electric solenoid is used to drive the print hammer in a high-speed printer.
The hammer presses the print type into the inked ribbon, which prints on the
paper (Figure 5.10). The hammer weighs 0.1 1b. It must strike the type with a
velocity of 60 in./s and moves through a distance of 0.5 in. How much force
must the solenoid provide to the hammer?

SOLUTION

In this problem, we are given distance and velocity and need to find the force
pushing the hammer. As in Example 5.3, this is a two-step problem: We first
need to find the acceleration required and then the force to create that accel-
eration. We will modify Equation 5.8 to compute the acceleration, but we first
need to convert weight to mass:

“In this chapter the values used in the ST examples are similar to those used with the English units,
but not exactly the same.
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Figure 5.10
The print hammer
must hit the type
at a specified
velocity
(Example 5.4).

0.11b Ib - s?
o= =0.00313 —
g 32 ft/s?
Rearranging Equation 5.8 to solve for acceleration, we get
v="V2ad
g :v_2: (60 in./s?) _ 3600 in.2 _ 3600i_n
2d 2x0.5in. lin-s? s?

Now, from Equation 5.3, we can calculate the force to push the hammer:

_ 0.00313 b - s? « 3600 in. « 1 ft
ft s? 12 in.

The solenoid would have to provide a force on the hammer of at least 0.939 Ib.

=0.9391b

=ma

EXAMPLE 5.4 (Repeated with SI Units)

An electric solenoid is used to drive the print hammer in a high-speed printer.
The hammer presses the print type into the inked ribbon, which prints on the
paper (Figure 5.10). The mass of the hammer is 0.05 kg (50 g). It must strike
the type with a velocity of 1.5 m/s and moves through a distance of 1 cm. How
much force must the solenoid provide to the hammer?

SOLUTION

In this problem, we are given distance and velocity and need to find the force
pushing the hammer. As in Example 5.3, this is a two-step problem: We first

Paper
Inked \
ribbon

Typi \
)
A

Hammer

-

Printer
roller
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Figure 5.11
Torque is caused
by a force (F)
acting at a
distance from
the axis.

need to find the acceleration required and then the force to create that accel-
eration. To solve for acceleration, rearrange Equation 5.8:

v="V2ad
_ 2 _(SmsP_225m? 100em_1125m
"2d 2xlcm 2cm-s? m 2

Now, from Equation 5.3, we can calculate the required hammer force:
m
F =ma = 0.05 kg x 112.5—2=5.6N
S

The solenoid would have to provide a force on the hammer of at least 5.6
Newtons.

Basic Equations of Motion for Rotational Systems

Rotational motion refers, of course, to things that go around. Wheels, gears, axles, and
motors all follow the laws of rotational motion. The basic equations for rotational sys-
tems are almost the same as those for linear motion. Every quantity used in linear
motion has an analog in rotational motion. Instead of force, we have torque. Instead of
acceleration and velocity, we have angular acceleration and angular velocity; instead
of mass, we have moment of inertia (/). Moment of inertia, as discussed earlier, is
dependent on mass, shape, and location of the axis. Equations for calculating / for a
few standard shapes are given in Figure 5.8. Equations for I for other shapes are read-
ily available in handbooks.

Torque is the kind of force motors produce. Torque is a twisting force acting at a
certain radial distance from the center of rotation (Figure 5.11). The equation for torque
follows:

Distance
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T=Fd 5.9
where
T = torque
F = force

d = distance of force from the axis

The basic law of rotational motion is given in Equation 5.10 and has the same form
as F'= ma. It tells us that if a constant torque is applied to a wheel, that wheel will accel-
erate its rotation:

T=lo (5.10)

where

T = torque applied to a rotating object
I = moment of inertia for the object
o. = angular acceleration of the object

The angular position of an object rotating at a constant angular velocity can be cal-
culated from Equation 5.11:

0=t (5.11)

where

® = angular position in radians”

o = angular velocity

t = time the object has been rotating

The angular velocity of an object under constant angular acceleration can be cal-
culated from Equation 5.12:

=0t (5.12)

where

o = angular velocity

0. = angular acceleration

t = time the object has been accelerating

*A radian is a sort of natural unit of angle. Numerically speaking, there are 27 radians in 360°, or
n radians in 180°, or 1 radian = 57.3°. Angles must be converted to radians when these equations are
applied (otherwise, the equations won’t work).
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The angular position of an object under constant acceleration can be calculated
from Equation 5.13:

1
0 =50Lt2 (5.13)

The angular velocity of an object that has moved to a certain position with a cer-
tain angular acceleration can be calculated from Equation 5.14:

o=V200 (5.14)

EXAMPLE 5.5

A motor is used to open and close a damper in an air duct (Figure 5.12.) The
motor can produce a torque of 30 in. - b, and the moment of inertia (/) of the
damper is 0.8 1b - s - in. How long will it take the damper to open, and what is
the maximum angular velocity of the damper? In this simple system, the motor
comes on full torque and stays on until the damper hits a limit switch.

SOLUTION

Because we know how much torque the motor can supply and the 7 of the load,
we first calculate the angular acceleration of the damper from Equation 5.10:

T=Iu
Solving for o, we get
T 30in.-1b  37.5rad

oO=—=

I 0.81b-s2-in. s2
We now have the acceleration, but we are looking for the time the damper
takes to open (that is, time for the damper to rotate 90°). Equation 5.13 relates
time, position, and acceleration, but position must be in radians, so we first
convert 90° to radians. Recalling that there are 7 radians in 180°, we find that

90° = 90° x ’I rad ) s7 rad

o

Now we use Equation 5.13, 6 = (1/2)o/t?, and solve for ¢:

120 2% 1. - 2
2 X 1.57 rad - s ~029s
o 37.5 rad

The calculations show that the damper will open in about one-third of a sec-
ond. We were also asked to find the maximum angular velocity of the damper.
Because the motor provides a constant torque, the damper is accelerating all
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the time it is opening, and the maximum velocity will occur at 0.29 s. We
already calculated the acceleration and time, so we will use Equation 5.12
because it relates velocity, acceleration, and time:

3751ad 995 = 10.87 24

S S
Converting to degrees/second gives us

10.87 rad « 130°  623°

S 7 rad S

W=0ot=

Therefore, the fastest angular velocity of the damper is 623°/s.

EXAMPLE 5.5 (Repeated with SI Units)

A motor is used to open and close a damper in an air duct (Figure 5.12). The
motor can produce a torque of 3 N - m, and the moment of inertia (/) of the
damper is 0.08 kg - m?>. How long will it take the damper to open, and what is
the maximum angular velocity of the damper? In this simple system, the motor
comes on full torque and stays on until the damper hits a limit switch.

SOLUTION

First, calculate the angular acceleration of the damper from Equation 5.10:

T=Io

Figure 5.12
A damper in
an air duct
(Example 5.5).

Air duct

Damper motor
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Solving for o, we get
(x:z: 3N -m :37.5rad
I 0.08kg-m? s?
Now, use Equation 5.13 to calculate the time it takes the damper to open

(rotate 90°). However, we must first convert 90° to radians. Recalling that there
are 1 radians in 180°, we find that

90° = 90° x Tlt L

(]

Now use Equation 5.13, 6 = (1/2)ou%, and solve for ¢:

120 2% 1. - 52
298 X 1.57 rad - s ~029s
o 37.5 rad

The calculations show that the damper will open in about one-third of a sec-
ond. Use Equation 5.12 to calculate the maximum rotational velocity, which
will occur at 0.29 s:

=371 g s = 10.87 9

S S

Converting to degrees/second gives us
10.87 rad » 180  623°

S T rad S

Therefore, the fastest angular velocity of the damper is 623°/s.

Levers

One of the simplest ways to amplify force is with a lever. A traditional lever is a bar
supported by a fulcrum (pivot point) [see Figure 5.13(a)]. Archimedes is supposed to
have boasted that given a lever long enough and a place to stand, he could lift the world.
In mechanical systems, a lever is a rigid bar pivoted somewhere in the middle or at one
end and acted on by two opposing forces [see Figure 5.13(b and c)]. In either case, a
force F, applied to the lever at point 1 is converted to a larger force (F,) at point 2
(where point 2 is closer to the pivot than point 1). The actual force at F, depends on the
ratio of distances d, and d,. The principle works like this: in Figure 5.13(b), the force
F, is actually providing a torque CW (clockwise) around the pivot (T, = F; X d,). If this
were the only torque on the lever, it would start to spin (accelerate) in a CW direction.
Thus, if the lever is not accelerating in a CW direction (which it isn’t), there must be
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Figure 5.13
Levers Fa l F
Bar l f Pivot /7\1
t 2 / d1
| <«— d2 /y\
v« Fulcrum
(a) Traditional bar-and-fulcrum lever (b) Lever with pivot in the the middle

| —

Pivot

(c) Lever with pivot at one end (d) Showing distances moved
at 2 points on a lever

an equal and opposite torque canceling out 7. The opposing torque (77,) must be com-
ing from the load resisting F,.

If the opposing torques balance each other, 7| = T,. And therefore, F, X d, =
F, % d,. Solving for F, yields

F,=—1— (5.159

where  F, = force available at point 2
F, = force applied at point 1
d, = distance from pivot to F,
d, = distance from pivot to F,

When levers are used in machines, they usually oscillate back and forth. The lin-
ear distance that a point on the lever moves is called its stroke. As you can clearly see
from Figure 5.13(d) the stroke of point 1 (s,) is larger than the stroke of point 2 (s,).

*This formula assumes that F'; and F, are parallel to each other.
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Actually, the trajectories of points 1 and 2 are arcs, but if the movements are small
enough we can approximate them as straight lines. Using simple geometry, it can be
shown that
s, X d,
5, =—= (5.16)
2 d,
where s, = stroke (distance of travel) of point 2
s, = stroke (distance of travel) of point 1
d, = distance from pivot to F1
d, = distance from pivot to F,
EXAMPLE 5.6
The clutch pedal of a car is shown in Figure 5.14. To depress the clutch pedal
requires 5 Ib of pedal pressure and a movement of 2 inches. Find the force and
stroke on the clutch linkage shaft.
SOLUTION:
The clutch pedal is attached to one end of a lever, and the other end of the lever
is pivoted up under the dashboard. The driver’s foot applies force F'|, and a
larger force F, is applied to the clutch linkage (but the stroke will be shorter).
The distance from the pedal to the pivot (d,) is 10 in., and the distance from
the linkage take-off to the pivot (d,) is 1 in.
Use Equation 5.15 to find the force applied to the linkage.
F xd, 51bx10in.
F,= 20222 T o501
d, 1 in.
Use Equation 5.16 to find the stroke of the linkage.
Figure 5.14 Clutch linkage
Lever action used shaft
in a clutch pedal
Eaee——)

(Example 5.6).
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xd, 2in.x 1in,
szzsld 222 02in,
1

Therefore, the clutch linkage moves 0.2 in. with a force of 50 Ib.

5.2 ENERGY

Energy Conversion

Energy commonly exists in four different forms; thermal (heat), mechanical (motion),
electrical, and chemical (fuels). These forms of energy can be converted from one type
to another using various processes or machines. The process of combustion releases
chemical energy into thermal energy. The resulting heat may be used directly—say, to
heat your home—or may be converted into mechanical energy, as with a steam turbine
(or gasoline engine). Mechanical energy can be converted into electrical energy with a
generator. Electrical energy can be converted back into mechanical energy with an elec-
tric motor and into thermal energy with resistance coils.

Thermal energy is measured in British thermal units (Btu), where 1 Btu is the
amount of heat it takes to heat 1 Ib of water 1°F. In SI units, thermal energy is measured
in joules (J), where 1 J is the amount of heat it takes to heat 0.239 gram of water 1°C.

Mechanical energy is measured in ft - b, where 1 ft - 1b is the energy it takes to lift
1 1b vertically 1 ft. In SI units, mechanical energy is measured in N - m, where 1 N - m
is the energy it takes to lift an object weighing 1 N vertically 1 m.

To find the equivalent amount of different types of energy, we can use standard
conversion factors as given in Table 5.2.

Converting between energy types is simply a matter of using these conversion factors,
but remember that energy and power are related but different. Energy is the amount of work
it takes to do a job, and power is the rate at which the energy is used. A more powerful motor
allows you to do a particular job in less time than a weaker motor, but the amount of energy
expended is the same in both cases. Examples of energy-power conversion are given next.

TABLE 5.2

Energy Conversion Factors

Chemical — Thermal
1 gal fuel oil — 142,500 Btu (or 1.5 x 108 J)

Thermal — Mechanical
1 Btu — 778 ft - Ib (or 1055 N - M)
1J (or 0.239 calories) > 1 N - m

Mechanical — Electrical
1ft-1b>3.76x10*W -h
IN-m—>278x10%W-h
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EXAMPLE 5.7

A small 2000-Btu/h oil-fired furnace is to be replaced by an electric furnace
operating on 120 Vac. How much current will the electric furnace require?

SOLUTION

First, convert the thermal energy per hour into its electrical equivalent In this
case we have to work through two conversion factors to get the desired result,
because we don’t have one that converts directly from Btu/h to watts.

2000 Btu « 778 ft\-lbx 3.76 x 10* W “h
h Btu Te—b

The result is measured in watts, which is a unit of power because the 2000
Btu/h is a “power,” being energy per unit time. Knowing the voltage to be 120
V, we can find the current:

=584 W

P=VI
(=L W g6
V. 120V

Therefore, the electric furnace would require a current of 4.86 A.

EXAMPLE 5.8
A high-efficiency electric motor used on a winch draws 2 A at 24 Vdc. How
fast can it lift a 100-1b weight?

SOLUTION

First, calculate the electric power in the motor:
P=VI=24V X2A=48W

Now convert electrical power into mechanical power:

1ft-1b
48 W x =127,700 ft - Ib/h
376 x 104 W - h

To see how fast the motor can lift 100 1b, we divide by 100 Ib (so the units of
pounds cancel):

127,700 ft - /h
100 tse
Therefore, the winch could lift 100 1b at a rate of 21.3 ft/min.

= 1277 ft/h, or 21.3 ft/min
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EXAMPLE 5.8 (Repeated with SI Units)
A high-efficiency electric motor used on a winch draws 2 A at 24 Vdc. How
fast can it lift a 50-kg mass?

SOLUTION

First, calculate the electric power in the motor:
P=VI=24V X2A=48W

Now convert electrical power into mechanical power:

BWx— M 95 660N - m/h
2.78x10*W - h
To see how fast the motor can lift 50 kg, we first find the force required to lift

50 kg in the presence of gravity:

F=ma=mg=>50kgx9.8m/s=490 N

Now divide the power by 490 N (so the units of Newtons cancel):
172,660 N.- m/h

490 N
Therefore, the winch could lift 50 kg at a rate of 5.9 m/min.

=352 m/h, or 5.9 m/min

Two general principles govern energy conversion: First, you can never get more energy
out of a conversion than you put in; second, no energy conversion is perfect—there is
always some waste, which is typically in the form of heat. Both concepts are expressed
in the following equation:

Energy equation: £, = E_ +E (5.17)

waste

We account for this waste energy with the concept of efficiency. The efficiency of an
energy conversion is the percentage of useful energy out. For example, the typical auto-
mobile engine is only about 20% efficient, meaning that only about 20% of the chemical
energy available in the gasoline is converted into useful mechanical energy. The remain-
ing 80% is lost as heat (both through the radiator and exhaust) and internal friction.

EXAMPLE 5.7

An electric motor operates on 120 V and draws 5 A. If it is 90% efficient, how
much power is lost to heat?
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Figure 5.15
Heat conducting
from a transistor,
through a heat
sink, to the air.

SOLUTION

First, we compute the amount of power the motor is using:

Power = VI
=120V X5A =600 W

Using the rated efficiency, we can compute how this power is converted:
0.9 X 600 W = 540 W of mechanical power
0.1 x 600 W = 60 W of waste heat

With 60 W of waste heat, this motor would give off about as much heat as a
60-W light bulb. (Incandescent bulbs convert only about 10% of their electric
energy into actual light; the rest is heat.)

Heat Transfer

Because waste heat is generated in many electrical and mechanical systems, there must
be some provision to dispose of it. In many cases, the waste heat is simply transferred
to the surrounding air. For example, consider the power transistor shown in Figure 5.15.
The transistor is mounted on a heat sink, which is a piece of aluminum with “fins” (such
as found on an air-cooled engine). The fins provide a larger surface area for the heat to
be transferred to the air; if the air is moving (say, from a fan), you get even better heat
transfer. In Figure 5.15, the heat must travel from its source (the NPN junction) to the
transistor case, to the heat-sink base, and out to the fins.

The amount of heat that conducts through a material is dependent on three factors;
type of material, its shape, and the temperature difference between the ends. Figure 5.16
shows heat conducting through a rectangular solid of length L and cross-sectional area
A. Heat “flows” because the temperature of the hot end (7)) is higher than the temper-
ature of the cool end (7)), and the actual amount of that conduction can be calculated
with Equation 5.18:

Transistor
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Figure 5.16
Heat conduction
through a solid.

T,
(cool end) —__ /\

4 KA,
L

-1 (5.18)
where

H = amount of heat being conducted

K = constant for different materials

A = cross-sectional area of the material
T,, T, = high and low temperatures at each end of the material

L =length of the material

Table 5.3 gives a sample of the heat conduction constant K for several materials. Table
5.3 clearly shows that metals—in particular, copper and aluminum—are the best con-
ductors of heat. The poorest conductor is air, which explains why it is a challenge to
conduct away large amounts of waste heat to the air. A simple heat-conduction prob-
lem is worked in Example 5.10.

TABLE 5.3

Heat Conduction of Various Substances

Material K[(Btu - ft)/(h - ft2 - °F)] K[cal - cm)/(s - cm? - °C)]
Copper 223 0.92

Aluminum 119 0.49

Steel 29 0.12

Glass 0.48 0.002

Wood 0.048 0.0002

Cork, felt 0.024 0.0001

Air 0.014 0.000057
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Figure 5.17

A power transistor
on a bracket
(Example 5.10).

EXAMPLE 5.10

A power transistor is mounted on one end of an aluminum bracket that is 2 in.
wide and ’ in. thick. The other end of the bracket is mounted on a large chas-
sis (Figure 5.17). The transistor is about 1 in. from the chassis. The transistor
case can be about 100°C (180°F) above the chassis temperature. How much
power can the bracket transfer?

SOLUTION

We will use Equation 5.18 to calculate the heat flow, but first we need to cal-
culate the length and cross-sectional area of the heat conductor (in feet):

Length = 1 in. = 0.0833 ft

1
Area = 3 in. X 2 in. = 0.25 in.2 = 0.00174 ft>

Now apply Equation 5.18:

L
. 2 ©
_ 119 Btu ft>< 0.00174 ft* X (180°F) * _ 446 Biu/h
h . ftz 8 OF 00833 ft

Next convert 446 Btu/h to watts using the conversion factors from Table 5.2.
446 Btu 9 778 ft - 1b 9 376 x 10*W - h
h 1 Btu 1ft-1b

The aluminum bracket can transfer 130 W of thermal energy. In practice, this
number would be derated to account for the thermal resistance across the tran-
sistor and chassis-mounting areas.

=130 W
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Figure 5.18
A rotating
antenna system.

5.3 RESPONSE OF THE WHOLE
MECHANICAL SYSTEM

Consider the case of a rotating antenna system (Figure 5.18). A motor drives a gear
train, which rotates the antenna. It all seems simple enough; if the antenna needs to go
to a certain position, the motor comes on, rotates until the antenna is in position, and
then stops. This is not a simple situation, however. First, the antenna has inertia, so it
takes more force to get it moving than it does to keep it moving. Second, the power
train—consisting of gears, shafts, and other metal parts—has a certain flexibility. For
example, if the antenna were clamped immobile and the motor tried to turn, all it could
do is twist the input gear a little bit, like winding up a stiff spring. This springiness
comes about because all parts in the power train will bend a little under stress. The other
real-life consideration is friction. All moving parts in the system are turning on bear-
ings, which have friction. The friction force resists motion in either direction.

Underdamped, Critically Damped, and Overdamped
Mechanical Systems

Any mechanical system, such as an antenna (see Figure 5.18), can be represented by
the diagram shown in Figure 5.19. In the diagram, the load that must be moved is rep-
resented by a box. Because this load has mass (inertia for rotating systems), it resists
being accelerated or decelerated. Furthermore, there is always some external drag on
the load from friction and other sources (such as wind resistance or intentional hydraulic
dampers). This drag is called damping. In Figure 5.19 the damping force is represented
by a shock absorber. The link between the power source (lever) and the load is shown as

Antenna
with inertia
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Figure 5.19

Model of a mechanical system
(a load being pushed by a force
through a flexible link).

A

(a) Initial condition. Load connected to

lever with flexible link. (Both lever
and load are at position A.)

(b) Lever is pushed briskly. At first, the
link just flexes because friction and
inertia keep the load from moving.

(c) As the lever continues to move the
link finally exerts enough force to get
the load moving.

(d) The lever gets to position B, but the
load stops short of B because of

Load
:ﬂ] friction and damping.

a flexible rod that acts like a spring. This rod represents the flexibility of the power train
(flexing of levers, gears, and so on).

Note that in Figure 5.19(a) the load is at rest at position A and needs to move to posi-
tion B. In Figure 5.19(b) the lever has been moved to the right (pushing on the link), but
both friction and inertia prevent the load from responding immediately, so at first the
link just bends. At some point, the pressure on the load from the bent link is large enough
to start the load moving [Figure 5.19(c)]. Eventually, the load will come to rest some-
where near point B [Figure 5.19(d)]. The motion of a load in response to the force is said
to be either underdamped, critically damped, or overdamped as described next.
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Figure 5.20
The effect of

damping on

a mechanical

system response.

B
(a) Underdamped
A
Time
B o=
1
i
! (b) Critically damped
A ]
Time
B T e e
i
! (c) Overdamped
1
A I
Time

Figure 5.20(a) shows the response of an underdamped system. Recall that the load
was at rest at position A, and then a lever gave it a push. The dashed line shows the
movement of the lever. At first, the load lags behind a little, but if the connecting link
is stiff enough (and the load is not too heavy), the load will speed up quickly. In fact,
the inertia of the fast-moving load carries it past point B; this is called overshoot. The
load may oscillate back-and-forth several times before coming to rest. You can see now
why this system is called underdamped because the friction (damping force) is not
enough to keep the load from overshooting its destination.

Figure 5.20(b) shows the response of a critically damped system. In this case, the
damping is just enough to prevent overshoot. Notice that the time to get from posi-
tion A to B is a little longer, but the absence of oscillations is desirable in many cases.
In fact, the time required to actually settle out is the shortest for a critically damped
system.

Figure 5.20(c) shows the response of an overdamped system. Overdamped is any
damping more than critically damped, so the response time is even slower—one might
say sluggish. Also notice that the final resting place of the load may fall considerably
short of position B (the system shown in Figure 5.19 was overdamped, and it never did
reach its new set point).

In real control systems, the controller can compensate somewhat for the natural
mechanical tendencies that have been discussed here. For example, overshoot [Figure
5.20(a)] could be greatly reduced with the proper control algorithm. (These concepts
are discussed in Chapter 11.)
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Figure 5.21
Mass (m) will
oscillate up and
down on a spring.

I /M (Mass)

Mechanical Resonance

Figure 5.21 shows a mass that is supported by a spring. If you pull the mass down a lit-
tle and let it go, it will oscillate up-and-down. The frequency of the oscillations is called
the natural resonant frequency and can be calculated by Equation 5.19:"
1 |k
=— \/— 5.19
f 2\ (5.19)
where

f =resonant frequency (in Hz)
k = spring force constant
m = mass

With the mass and spring setup of Figure 5.21, it’s easy to visualize the mass oscil-
lating up and down. The point is that all mechanical parts have mass and all are con-
nected to other parts through a power train or a superstructure that has some spring
constant k. If all mechanical parts in a system have mass and are connected by “springs,”
then all parts will have resonant frequencies. Figure 5.22 shows two examples. In Figure
5.22(a), a mass is in the middle of a steel support bracket. The bracket is the “spring.”
If you push down on the mass, the bracket will bend (shown with dashed line). When
you let up, the bracket will return to its normal position. This is a stiff spring, meaning
the spring constant (k in Equation 5.19) will be relatively high, which in turn causes the
mechanical resonant frequency to be high, perhaps 500 Hz. So although you couldn’t
actually see it vibrate, you could probably hear it because 500 Hz is in the audio range.
The setup in Figure 5.22(b) has the same mass, but this time the support bracket is
anchored at only one end. It will take much less force to bend the bracket in this con-
figuration; thus, the spring constant is less, which (again, according to Equation 5.19)
causes the resonant frequency to be lower, perhaps 25 Hz.

The concept of resonant frequency is important because it explains why mechanical
parts will vibrate, buzz, or develop cracks and break under certain conditions. These events
happen because the part is oscillating back-and-forth at its resonant frequency. It takes sur-
prisingly little energy to keep a part vibrating if the energy itself is applied in the form of

“Notice how similar this equation is to the equation for electrical resonance: f.= U2V LC).
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Figure 5.22

A support bracket
acts as a spring:
(a) Stiff support.
(b) Support is
much less stiff
when support is
provided on only
one end.

(a) Support on both ends (b) Support on one end
makes a stiffer support makes a springier support

a vibration at or near the resonant frequency. You can demonstrate this easily with a length
of string and a mass (say, a small rock), as illustrated in Figure 5.23. First, get the rock
swinging [Figure 5.23(a)] and notice how little energy it takes to keep the rock oscillating;
you barely have to move your hand at all. Next slow the frequency way down so that you
are slowly moving your hand back and forth [Figure 5.23(b)]. What happens to the rock?
It slowly follows under your hand, with no wild oscillations. Finally, increase your hand
frequency way above the resonant frequency [Figure 5.23(c)]. The rock pretty much stays
still, and the string absorbs the motion. The important conclusion: A mechanical part may
make wild movements if it is driven by a vibration at or near its resonant frequency.

Figure 5.23

A small rock and
string demonstrate

(a) natural resonant
frequency, (b) below-
resonant frequency,
and (c) above-resonant
frequency.

Slow movement Rapid movement

eee——

R
8 5 )
Jo

(a) Large oscillations (b) Minimal oscillations (c) Minimal oscillations
when driven at when driven below when driven above
resonant frequency resonant frequency resonant frequency
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Sources of mechanical vibrations abound in machinery—from motors, gears, and
bearings or from anything that moves in a repeated motion. Mechanical engineers some-
times use special computer programs that analyze and predict the resonant frequency
of each part of the mechanical design. If the design is something that must be right the
first time, such as a space satellite, a prototype of the device is mounted on a test
machine called a shake table, which vibrates the new design at various frequencies while
high-speed cameras record the response. Any wild mechanical oscillations can then be
identified and corrected.

EXAMPLE 5.11

The electrical control box for an electric motor is attached to the motor case with
a bracket (Figure 5.24). The bracket is developing cracks even though it is clearly
strong enough to support the weight of the box. What is the problem here?

SOLUTION

The likely problem is that the box is vibrating back-and-forth on the bracket
when the motor is running, thus putting a strain on the bracket. That is, we
suspect that the resonant frequency of the box swinging on the bracket is at or
near the motor rpm. To test this theory, first determine the spring constant of
the bracket by noticing that it defects 0.1 in. when pushed with 10 Ib:

force 101b Ib
= = = 100 -
deflection 0.1 in. in.

Next determine the mass of the box. It is found to weigh 1 Ib. We then find the
mass by dividing by the gravity term, which is 32 ft/s?, or 384 in./s?:
11b Ib - s?
m="=—2 200026 ——
g 384in/s? in.
Now use Equation 5.19 to calculate the resonant frequency of the box swing-
ing on the bracket:

1 k 1 [ 100 Ib/in.
ot JE_ 00 Ib/in 31 Hy
2n Ym  6.28 V 0.0026 1b - s¥in.

From the motor plate, we read that it operates at 1750 rpm, which works
out to 29 rps (dividing by 60). The motor is vibrating at 29 Hz, which is very
close to the resonant frequency of the box: 31 Hz. No doubt, the box has been
swinging back-and-forth on the bracket. To solve the problem, we need to
change the resonant frequency of the box; up or down would be sufficient. This
could be done by making the bracket shorter or longer or changing its shape.
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Figure 5.24
Control-box
vibration on a motor
(Example 5.11).

Motor

One last point on resonant frequency: If free movement of a part is restricted
because of friction or some other form of damping, the magnitude of the oscillations
will be reduced. In fact, if you look at Figure 5.20(a) (underdamped case), the over-
shoot and undershoot are the beginnings of resonant frequency oscillations, which are
quickly damped out. If the part is critically damped [Figure 5.20(b]), no oscillations
will occur at all—even when driven at its resonant frequency.

Figure 5.25

A selection of gear
types. (Photos courtesy
of Boston Gear)

5.4 GEARS

Gears allow us to change the rotational velocity and the torque to suit the motor and
load conditions. Gears also can be used to simply transport power from one shaft to a
parallel shaft. The concept of gearing is certainly not new. The ancient Greeks were
using wooden gears for such things as transferring power from the waterwheel to the
millstone (a practice still in use in existing old water-powered mills). Modern preci-
sion-cut metal and plastic gears provide an efficient, smooth, and durable means of
power transmission. Figure 5.25 shows a selection of gears.

Rack

e

Pinion

(a) Rack and pinion (b) Straight bevel gears
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Figure 5.25
(cont.)

(e) Spiral bevel gears

(d) Worm and worm gears

Spur Gears

Figure 5.26 shows two meshed spur gears. Power is transmitted by a
tooth of one gear pushing against the tooth of the mating gear, one at a
time. You might think that this would cause a jerky motion; if the teeth
have the proper shape, however, they actually roll on each other, hand-
ing the power smoothly over to the next tooth (Figure 5.27). Because the
teeth are actually rolling and not sliding on each other, there is very little
friction in a gear pass, which is one set of mating gears.

When two gears of different diameters are meshed, they rotate at dif-
ferent velocities. The motion is similar to two wheels of different diam-
eters rolling against each other, where the size of each wheel is a
theoretical circle called the pitch circle (see Figure 5.26). The diameter
of this pitch circle is called the pitch diameter. Notice that the pitch
diameter is smaller than the overall diameter of the gear because the teeth
overlap in the mesh.

The distance along the pitch circle of one tooth (and “valley”) is
called the circular pitch. Of course, an integer number of teeth must be
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Figure 5.26 Pitch circle
Meshed spur gears. /\ \
/ (1)2
Backlash
N, teeth
P N, teeth

(circular pitch)

on a gear (you cannot have a 5%—t00th gear!). The number of teeth on a gear can be cal-
culated from Equation 5.20:

. D
circumference _T (5.20)

" distance between teeth P.

where

N = total number of teeth
D = pitch diameter

P_ = circular pitch

Figure 5.27 / ~ ~— T~
Showing different posi-
tions of a single involute A
tooth rolling on its ~ B N C D
mating tooth (follow = &
contact point A-B—C-D).

Ve A/_\ /_ /
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Figure 5.28
Gear teeth sizes for
different diameter
pitches. (Courtesy
of Boston Gear)

Finally, there is the diametral pitch, or simply pitch, which is the ratio of the num-
ber of teeth per inch of pitch diameter, as shown in Equation 5.21:

N
Diametral pitch = pitch = 5 (5.21)

where
N = total number of teeth
D = pitch diameter (in inches)

Diametral pitch is the parameter most often used to specify the tooth size in a gear.
Figure 5.28 illustrates the size of teeth with pitches ranging from 4 to 48. Notice that a
larger tooth has a smaller pitch. In a gear mesh, only one tooth is in contact at any time,
so the larger the tooth, the more power can be transmitted. Lightly loaded machines
such as printers and plotters typically use gears with a pitch between 48 and 32; these
tend to be known as instrument gears. Automotive transmissions use a pitch range of
10-5. Of course, a bottom-line requirement is that mating gears have the same pitch
(tooth size) so that they will fit together

Using Gears to Change Speed

The gear ratio is a ratio of the number of teeth of two gears. The two gears in Figure
5.29 have 40 and 20 teeth, respectively, so the gear ratio is 40/20 = 2. However, there
is more to it. For the gears to mesh, their tooth sizes must be the same, which means
they both have the same number of teeth per inch of circumference. So the gear ratio
is also the ratio of circumferences. Finally, the diameter of any circle is directly pro-
portional to its circumference, so the gear ratio is also a ratio of diameters, which makes

=l A A

32D.P. 8D.P.
&E 12D.P.
24D.P.

E

20 D.P. 10D.P. 6D.P. 4DP.
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Figure 5.29
Two gears in mesh;
gear ratio is 40/20 = 2.

20 teeth

40 teeth

it convenient to find the ratio of an existing gear mesh; all you do is measure the diam-
eters and divide.” This is presented in Equation 5.22:

N, Cir, mDia, Dia,
=22 202 (5.22)
# N, Cir, mnDia, Dia,

where

Ng = gear ratio between gears 1 and 2
N = number of teeth

Cir = circumference of the gear

Dia = diameter of the gear

The assumption in Equation 5.22 is that gear 1 is supplying the power (called the driver
gear), and gear 2 is receiving the power (called the driven gear).

EXAMPLE 5.12

What is the gear ratio of the gear mesh shown in Figure 5.307

SOLUTION

The driver gear has a diameter of 0.75 in., and the driven gear has a diameter
of 2.25 in. Find the ratio by dividing the diameters:

Dia, 2.25in.
N = —/== — = 3
® Dia, 0.75in.

Looking at the 3 : 1 gear mesh in Figure 5.30, you can see that the small gear
(called the pinion) makes three revolutions in the same time it takes the big gear to
make one revolution. In other words, the small gear must rotate three times faster than

*Technically, you should divide the pitch diameters, but with most small-toothed instrument gears,

the overall diameter and the pitch diameter are practically the same.
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Figure 5.30
A 3:1 gear mesh
(Example 5.12).

the big gear. This kind of logic leads us to conclude that the ratio of position, velocity,
and acceleration are inversely proportional to the gear ratio Ng:

N % 9 % (5.23)

N6 o a
where
N, = gear ratio
N = number of teeth
0 = gear position (angle in degrees)
o = angular velocity of the gear
0. = angular acceleration

In applying this equation, sometimes confusion arises about how to plug in the gear
ratio; if the ratio is 3, does this go into the equation: as 3/1 or 1/3? The rule that never
fails is this: Look at the gears (or a sketch); the bigger gear will always rotate less of
an angle and at /ess velocity than the small gear. Plug in the gear ratio such that this
relationship holds. The following examples illustrate the principles of Equation 5.23.

EXAMPLE 5.13

A radio tuner is connected to the tuning knob through a 3 : 1 gear mesh (Figure
5.31). If the knob is turned 70°, how many degrees does the tuner rotate?

SOLUTION

The gear attached to the tuner is the bigger of the two; therefore, it must turn
less than 70°. We will use the part of Equation 5.23 that deals with position,
solving for the angle of the tuner gear, 0,:

3700
&1 o

2
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SO

=23.33°

The tuner will rotate 23.33° when the knob rotates 70°.

EXAMPLE 5.14

A small motor running at 200 rpm drives a paper roller in a business machine
(Figure 5.32). The gear on the motor has 20 teeth, and the gear on the roller
has 50 teeth. How fast is the roller turning?

SOLUTION

First, note that the roller gear is larger than the motor gear, so it will be turning
slower than the motor. To calculate the speed, apply Equation 5.23, solving
for velocity:

50 teeth 200 rpm

20teeth o,
SO
200 x 20 teeth
() H = rpm ce = 80 I’pm
50 teeth

Figure 5.31
A gear setup
(Example 5.13).

~—— Tuner
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Figure 5.32 /Q\
Gear drive for a paper

roller (Example 5.14).

Rollers

50 teeth

A gear train consists of more than a single gear pass. Figure 5.33 shows a system
with three gears. Notice that the middle gear is actually two gears fastened together.
The gear ratio of the total system is the product of the individual gear ratios:

Nyony =N NpNs - - - (5.24)
where
Ny = overall gear ratio
o1 =gear ratio of first pass

N, =gear ratio of second pass, and so on
Figure 5.33 10 teeth
A two-pass 30 teeth
gear train.

40 teeth

20 teeth
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EXAMPLE 5.15

Find the overall gear ratio of the gear train pictured in Figure 5.33.

SOLUTION

There are actually four gears here (10, 20, 30, and 40 teeth) and two gear
passes. The 20- and 30-tooth gears are fastened together and so rotate at the
same velocity. The overall gear ratio is found by multiplying the two individ-
ual gear ratios:

30 teeth .
N, = = Ratio of first pass
& 10 teeth
40 teeth
N, = =Ly Ratio of second pass
& 20 teeth
NN, = 3x2= 6 Overall ratio

Using Gears to Transfer Power

For precision-made spur gears, the assumption is that power is conserved across the
gear pass. Except for a small loss through friction, the gear pass can neither create nor
destroy power:

Power in, gear 1 = Power out, gear 2 (5.25)

Therefore, because power = torque X angular velocity, we rewrite Equation 5.25 as fol-
lows:

T,0, = Ty, (5.26)

where
T = torque (such as ft - Ib or N - m)
o = angular velocity (such as deg/s)
Rearranging Equation 5.26, we get
T,
“2=—1=N, (5.27)
T, o
Equation 5.26 tells us that the product of torque and velocity is the same on each
side of the gear pass. This means that the faster turning gear has less torque, and the
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gear that is turning slower has more torque.” This is demonstrated every time you drive
a car; the lower gears give more torque for start up, and the higher gears give more
speed but less torque. Equation 5.27 shows that the ratio of torques in a gear pass is
inversely proportional to the gear ratio.

EXAMPLE 5.16

An electric motor supplies 60 in. - oz of torque while running at 100 rpm and
it is driving a load through a 1 : 5 gear ratio (Figure 5.34). Find the output
torque and velocity.

SOLUTION

Equation 5.27 relates torque and velocity to gear ratio. Solving first for torque
on the driven (or load) gear, we have T,/T, = Ng, SO

TZ:TlNg:6Oin.-OZXS:SOOin.-oz

Solving for the velocity of the load gear we have ®,/®, = Ng, o)

_&_IOOrpm_

>N, 5

This is a typical application for a gear pass. Electric motors tend to be
high-speed and low-torque, whereas many applications require higher torques
and lower speeds. In this case, the torque was increased by a factor of 5, to

300 in. - oz, but the speed was reduced by a factor of 5, to 20 rpm.

20 rpm

Recall from Section 5.1 that every load rotating on an axis has a moment of iner-
tia (/). The more / it has, the more energy it takes to get it spinning. Ultimately, the
motor has to supply this energy; thus, the question is, What moment of inertia does the
motor “see” if the load is driven through a set of gears (Figure 5.35)? It turns out that
the reflected moment of inertia is inversely proportional to the gear ratio squared, as
given in Equation 5.28:

I
I reflected = —load (5.28)
N 2
8
This means that in most cases the motor “sees” a much lower inertia than the load actu-
ally has. The comprehensive motor example at the end of Chapter 7 gives a practical
application of the reflected inertia equation.

“Note the similarity between a gear pass and an ideal electrical transformer, where the product of V x I

is maintained from primary to secondary windings.
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Figure 5.34
A motor driving a
load (Example 5.16).

Figure 5.35

The moment of inertia
of a load is “reflected”
to the motor.

Motor
100 rpm
60 in-oz

Load

Long Gear Trains

Large gear reductions (ratios) can be made with multiple gear passes, but this approach
presents special problems. For example, a reduction of 1 : 256 might take as many as
four passes using conventional spur gears. Such a gear train is shown in Figure 5.36.
Undesirable qualities such as inefficiency and backlash tend to magnify with each gear
pass. Backlash is the small free clearance between mating teeth. A small amount of
backlash is necessary to prevent binding of the gears if they are slightly out of round.
However, in a long gear train, the effect of the backlash is amplified along with the gear

I ? Reflected
Motor

I Load
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Figure 5.36

A gear train with four
passes; total gear ratio
is 256.

Figure 5.37
Worm gearing.
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ratio. In the case of Figure 5.36, backlash of 1° in the first pass would be amplified by the
three other gear passes (4 X 4 X 4 = 64) to become 64° of backlash at the end—clearly
unacceptable. Backlash comes into play when the direction of rotation is reversed. The
driver gears have to move a bit before they make contact with the driven teeth. This makes
precision positioning difficult when it is necessary to “tweak’ into position by going for-
ward, reverse, forward, reverse, etc. Too much backlash in a feedback control system may
cause it to “chatter” or worse (see Chapter 11 for a discussion of stability). Efficiency is
another problem. If the efficiency of each pass in Figure 5.36 was a respectable 96%, the
overall efficiency for four passes would be 96% X 96% x 96% X 96% = 85%.

Worm Gears

Worm gears yield very high gear ratios on a single pass with little or no backlash, but
they can be highly inefficient. Figure 5.37 shows a worm gear mesh and consists of the
worm and the worm gear, or pinion. For each revolution of the worm, the pinion
advances one tooth. This is what makes the high gear ratios possible; a pinion with 50
teeth would yield a gear ratio of 50. Notice, however, that as the worm rotates it is really

Worm gear
(pinion)
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Figure 5.38
The harmonic drive.

sliding across the pinion’s teeth. The friction from this sliding is the cause of the inef-
ficiency, which is typically in the 50-80% range.

Another advantage of worm gearing is the lockup property. Lockup occurs in
higher-ratio worm gears, and it means that power flows only one way—from the worm
to the pinion. If you try to turn the pinion directly, the friction is so great that it locks
up. A common use of this feature is the little worm gears used to tighten guitar strings.
You can twist the worm and tighten the string, but the tension of the string cannot spin
the worm gears backward.

Harmonic Drive

The harmonic drive is a unique gear system that gives high efficiency, no backlash, and
high gear ratio. Illustrated in Figure 5.38, the drive looks like a cup with the input shaft
going through the center. The rigid cup has an internal set of teeth all the way around
known as the rigid circular spline. Inside the rigid cup is a slightly smaller flexible cup
called the flex spline. The flex spline typically has two teeth less than the outer cup. A
rotating device called the wave generator pushes out on the flex spline so that the teeth
mesh only on opposite sides. The input shaft is connected to the wave generator, and as
it rotates, the two splines (inner and outer) mesh with each other. Because they have a

Flex spline Rigid circular spline

Outer cup

. s AAAAALZ
:::AAAAAAAAV

Wave generator
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different number of teeth, the outer cup (which is connected to the output shaft) will
advance a little for each revolution of the flex spline. The actual gear ratio can be cal-
culated from the following equation:

_ number of teeth on outer rigid cup
"™ difference in number of teeth on splines

(5.29)

where N, is the gear ratio (more correctly velocity ratio) of the harmonic drive. For
example, in the drive illustrated in Figure 5.38, the number of teeth in the outer cup is
100, and the number of teeth on the flex spline is 98; thus, the gear ratio is 100/2 = 50.

Figure 5.39
Clutches

5.5 CLUTCHES AND BRAKES

Clutches

The purpose of a clutch is to connect or disconnect one rotating shaft from another “on
the fly.” Clutches are used in applications ranging from copy machines to factory automa-
tion to cars. Typically, one side of the clutch is connected to the motor and the other side
to the load. When the clutch is disengaged, the motor can turn without driving the load.
When the clutch is engaged, the motor and load shaft turn as one [see Figure 5.39(a)].

Field (electromagnet)

Rotor

Clutch

/ Load shaft

Armature

0/
AT

( a a /
(- [ C 0
\ \
Engaged 7
)
A
( a
(- | ( 0
U
/]
Disengaged
(a) Clutch action Lining

(b) Cut away diagram of an
electromagnetic clutch
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A clutch usually consists of two opposing friction disks, one attached to the motor shaft
and one attached to the load shaft. The disks are pressed together to engage the clutch,
and friction transmits the torque. This design allows for slippage, so the load can be
brought up to speed slowly to minimize stress. Also, one of the disk surfaces may be
lined with a friction material, such as asbestos, that is designed to wear and can be
replaced.

Most clutches used in industry are activated by an electromagnet or with pneumatics/
hydraulics. A cut-away drawing of an electromagnetic friction clutch is shown in
Figure 5.39(b). It consists of three basic parts: the field (electromagnet), the rotor, and
the armature. In the diagram, the two shafts to be “clutched” would be slid in and
keyed to hubs A and B. The field coil is a large donut-shaped electromagnet in a hous-
ing. This housing is bolted to some stationary member and does not rotate. Next to
the field is the disk-shaped rotor, which is mounted on bearings so that it can rotate
(a small gap (C) between the field and the rotor allows the movement). Next to the
rotor is the armature. In the rest state (disengaged), there is a gap (D) between the
rotor and the armature so that it is free to rotate independently of the rotor. When
power is applied to the electromagnet, the magnetic field jumps across gap C , goes
through the rotor, and jumps across gap D to the armature. Being made of ferric (iron-
based) material, the armature is pulled in tight by the magnetic field, clamping the
friction faces of the rotor and armature. The clamping pressure is directly proportional
to the current in the electromagnet, which makes it possible for a control system to
control the slipping torque of the clutch. Pneumatic- and hydraulic-activated clutches
differ mainly in whether air or fluid pressure is used to push the disks together, as
explained in the next section.

Brakes

The purpose of a brake is to slow down or stop a rotating shaft, or to prevent a shaft
from turning when the power has been turned off—for example, on a loaded winch.
Although there are a number of brake designs, the most common is similar to that of
the clutch shown in Figure 5.39(a), the difference being that in a brake, one of the fric-
tion disks is held immovable. When the brake is applied, the rotating disk is clamped
to the stationary disk, thus stopping the load. Brakes can be actuated with an electro-
magnet, pneumatics/hydraulics, or plain brute force.

An electromagnetic brake is shown in Figure 5.40(a). It consists of two basic parts:
the field (electromagnet) and the armature. Like the clutch, the field coil is an electro-
magnet in a housing bolted to some immovable member. Next to the field, but sepa-
rated by a gap (E), is a disk-shaped armature. The armature is basically an iron disk
with a hub, and it can rotate freely when the brake is not applied. The shaft to be
“braked” would be slid in and keyed to hub F. When power is applied to the electro-
magnet, the magnetic field jumps across gap E to the armature and pulls it in tight,
clamping together the friction faces of the stationary field housing and armature, thus
stopping the shaft.
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Figure 5.40
Brakes

Back plate
Field (electromagnet) / Hub

Armature Pressure plate

i / Outside housing
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(a) Cut-away diagram of (b) Cut-away diagram of
electromagnetic brake pneumatic brake

Pneumatic- and hydraulic-activated brakes work in the same general way. They dif-
fer mainly in whether air or fluid pressure is used to push the disks together. Figure
5.40(b) is a cutaway diagram of a pneumatic brake. The back plate and outside housing
are bolted to a stationary member and do not rotate. In the unactivated state, shaft and
hub can turn freely inside the housing. To apply the brake, air pressure is fed through the
housing into a bladder called the air fube. The air tube expands, pushing on the pressure
plate, which then squeezes the friction surfaces of the hub to the back plate.

Clutches and brakes are often used together to create the rapid-cycle repeating
motion found in many automated production processes. When a clutch/brake combi-
nation unit is placed between the motor and the mechanism, the motor can continue to
run at a fixed speed, and the clutch/brake can be cycled on and off to cause the repeat-
ing action.

5.6 OTHER POWER-TRANSMITTING TECHNIQUES

The most direct way to transmit rotary power is through a shaft, such as a drive shaft
or an axle shaft. Gears can transmit power between parallel or perpendicular shafts and
change the velocity and torque in the process. In this section, we examine some other
techniques for transmitting power from shaft to shaft.
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Figure 5.41
Different types of
power-transmission
belts.

Figure 5.42
Power transmission
using a belt
(Example 5.17).

V belt Flat belt Toothed belt

Belts

Under the correct circumstances, belts are a good means of transmitting power. Usually
made of rubber and hence very flexible, they come in various types (Figure 5.41). The
advantages of belts include low cost, quiet running, low maintenance (no lubrication),
shock absorbtion, and tolerance of nonparallel shafts, and they allow for “gearing” by
having one pulley larger than the other.

Figure 5.42 shows a standard belt setup, which includes a driver pulley and a
driven pulley. Notice that the power is carried entirely by the lower belt segment. The
ratio of diameters of the pulleys provides exactly the same change in velocity and
torque as for gears. In fact, most equations given for spur gears (5.22-5.28) apply to
belts. One difference is that meshed gears are rotating in opposite directions, whereas
both pulleys in a belt system rotate in the same direction (compare Figure 5.26 with
Figure 5.42).

EXAMPLE 5.17

For the belt system shown in Figure 5.42, the diameter of the small pulley is
3 in., and the diameter of the large pulley is 8 in. The motor is rotating at 1000
rpm, providing a torque of 10 in. - 1b. Find the velocity and available torque
of the large pulley shaft.

Driven pulley
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Figure 5.43
Belt-wedging action
produces large side-
ways forces, increas-
ing friction.

SOLUTION

The velocity ratio N, (similar to gear ratio) is the ratio of their diameters:

Di in.
N=L D S, (5.30)
®, Dia; 3in.

This means the big pulley will rotate 2.67 times slower than the small pul-
ley. We can solve this problem by simply dividing 1000 rpm by 2.67 to get
375 rpm, or we can do it more formally by equations. From equation 5.27,
N, = ,/®,, where ®, and ®, are pulley rpms. Solving for ®,, we get

The torque of the large pulley will be 2.67 larger than the small pulley. Again,
we could find the output torque by simply multiplying 10 in. - Ib by 2.67 to get
26.7 in. - 1b, or do it by Equation 5.27 (which also applies to belts):
N,=2
v Tl

where T, and T, are torques. Solving for T, we get

T,=T,N,=10in. - b X 2.67 =26.7 in. - Ib

With the exception of the toothed variety, belts rely on friction to transmit power.
As discussed in Section 5.1, friction is proportional to how tightly the parts are pressed
together. For belts, this is usually accomplished by keeping the belt in tension. A V belt
increases the friction by using a wedging action (Figure 5.43). Just as a wedge produces
large forces when splitting a log, the V belt produces large sideways forces that
increases its grip on the pulley. Even so, a general rule is that a belt should have at least
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Figure 5.44
Minimum pulley
contact is 120°.

Figure 5.45
A variable-speed
belt drive.

”
v@

120° of contact to give it enough gripping area (Figure 5.44). This requirement prevents
really large velocity ratios.

Untoothed belts tend to creep over time and cannot be used to maintain position
relationships. Creep is not the same as slipping; slipping occurs when the pulley rotates
under the belt, causing a squealing noise. Creep and slip occur because there is no pos-
itive interlocking between belt and pulley, a fact that allows for some special capabili-
ties such as variable-speed transmission and belt clutches.

Figure 5.45 shows the variable-speed transmission. It consists of two specially
made pulleys, designed so the sides can go in and out, that can effectively change their
diameter while the belt is running. When the sides are close together, the belt is forced
to the outside, thus making a larger diameter; when the pulley sides move apart, the
belt drops down to a smaller diameter. If both pulleys (A and B) change their effec-
tive diameters at the same time but in opposite directions, then the belt stays tight even
while the velocity ratio between the pulleys is changing. This is a mechanical engi-
neer’s dream: an infinite ratio transmission that can be changed “on the fly.” This
design is used in industry, for example, where feed speeds need to be exactly matched
to other machines.

Pulley halves t ! ) ‘ Pulley halves
pull apart ‘ : ) tclosetogether



212 CHAPTER 5

Figure 5.46
A belt clutch.

Figure 5.47
A roller chain.

- Idler wheel

Driver :@

€ _©

(a) Disengaged—belt loose (b) Engaged—idler wheel
making belt tight.

A belt clutch is shown in Figure 5.46. The belt around the two pulleys is inten-
tionally loose so that the driver pulley will slip when the idler wheel is up [Figure
5.46(a)]. When the idler wheel is lowered [Figure 5.46(b)], the belt tightens around both
pulleys, and power is transmitted.

Roller Chain

Another way that rotary power is transmitted is with roller chain, the kind used on bicy-
cles. Shown in Figure 5.47, it consists of a series of links connected by pins, with a
roller around each pin. The rollers engage teeth on the sprocket, so unlike belts, there
is no slippage, and the “gear ratio” is a function of the number of teeth on each sprocket.
Chain drives do not rely on friction as belts do, so there is no need to have the chain
tight; in fact, there should always be some small slack to ensure there will be no bind-
ing. This means there will probably be backlash, which is why chains are seldom used
for “back and forth” movement. Like belts, all the load is carried by one side of the
chain, and both sprockets rotate in the same direction. Properly lubricated roller chain
drives can be very efficient.

SUMMARY

Most control systems include some mechanical components, so it is important to have
some idea of how these components behave. Friction is the drag force that is always
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present when parts slide against each other. There are three classifications of friction:
static (moving an object from rest), sliding (object is moving), and viscous (sliding over
a thick lubricant).

Springs come in many sizes and shapes and find many applications in mechanical
systems. All springs obey Hooke’s law, which states that the deformation of a spring is
proportional to the applied force.

Physical objects have mass, which means they tend to resist being moved. Two
basic sets of equations (from physics) relate how an object responds to a force: one for
linear systems and one for rotational systems. With the appropriate givens, these equa-
tions can be used to calculate the position, velocity, or acceleration of an object.

A lever is a simple device that can amplify a physical force. A lever consists of
a bar and a fulcrum, or pivot point. A weaker force applied to one end is converted
into a stronger force at the other end, but the stronger force moves through a shorter
distance.

Energy is usually in one of four forms: chemical (fuels), thermal (heat), mechani-
cal (motion), and electrical. Energy can be converted from one form to another, but the
efficiency of the conversion is not 100% and the “waste energy” is usually in the form
of heat, as when an electric motor heats up. Managing the waste heat requires know-
ing something about heat conduction, which is the study of how heat moves through
materials.

A real mechanical system is made up of parts, each of which has some flexibility,
some inertia, and probably some frictional resistance to movement. The response of a
system to a force is described as being either underdamped (too flexible), critically
damped (just right), or overdamped (sluggish). Any mechanical structure has a natural
resonant frequency at which it will tend to vibrate. Care should be taken to ensure that
an external exciting force does not have the same frequency as the mechanical resonant
frequency, or wild oscillations and breakage could result.

Gears, available in different sizes and types, are a very efficient way to transport
and reconfigure rotational power. The gear ratio is the ratio of the effective gear diam-
eters in a gear pass. The rotational velocity across a gear pass will be increased or
decreased by the gear ratio. Also important is that power is conserved across the gear
pass, so if the velocity increases (across a gear pass), the torque decreases. Large gear
ratios can be built from multiple gear passes, called gear trains.

Clutches are used to connect or disconnect rotating shafts “on the fly.” Typically,
clutches are activated by electromagnetic or pneumatic/hydraulic force. Brakes are
used to slow, stop, or hold a shaft. Brake construction and clutch construction are
similar.

Two other power-transmitting devices are belts and roller chains. Belts have the
advantage of running smooth and quiet and are tolerant to slight misalignments. They
also allow for interesting designs such as clutches and variable-speed transmissions.
Roller chains are more rigid than belts and can be a very efficient way to transport
power.
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GLOSSARY

acceleration The process of increasing velocity; uniform acceleration is when the
velocity is increasing at a constant rate.

backlash In a gear pass, the small amount of free play between gears so that the teeth
don’t bind on each other.

brake A devive used to slow down or stop a shaft, or to prevent a stopped shaft fom
moving.

circular pitch The distance along the pitch circle of a gear of one tooth and valley.

clutch A device used to connect or disconnect rotating shafts “on the fly”’; usually a
clutch acts by pressing two friction disks together.

coefficient of friction A constant that is arrived at experimentally for different mate-
rials and can be used to calculate the force needed to overcome friction.

creep The property that explains why two pulleys connected with a belt will not stay
exactly synchronized.

critically damped A system that is damped just enough to prevent overshoot.

damping A drag force on a system from sliding or viscous friction, which acts to slow
movement (make it sluggish).

diametral pitch The ratio of the number of gear teeth per inch of pitch diameter; in
practice, the number that describes the tooth size when specifying gears.

efficiency When describing energy conversions, the percentage of input energy that
is converted to useful output energy.

energy The amount of work it takes to do a job; energy has different units for chem-
ical, thermal, mechanical, and electrical systems.

gear pass Two gears in mesh.

gear ratio The ratio of the number of teeth of two gears in mesh. (Also the ratio of
pitch diameters.)

gear train A gear system consisting of more than one gear pass.

harmonic drive A unique device using a flexible gear that can provide a large gear
ratio with virtually no backlash.

Hooke’s law The “spring law” that states the amount a spring deflects is proportional
to applied force.

inertia The property that explains why an object in motion will tend to stay in motion.
Inertia is directly related to mass; the more mass an object has, the more energy it takes
to get it moving or to stop it.
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instrument gears Smaller gears with pitch in the 48-28 range, found in office
machines and smaller industrial machines.

lever A rigid bar pivoted at one end or somewhere in the middle and is used to amplify
force much as a pry bar.

lockup property The property of high-ratio worm gears that cannot be driven backward.

mass The amount of material in an object; mass is related to weight in that the more
mass it has, the more it will weigh.

moment of inertia A mechanical property of an object that is based on its shape and
mass and the axis of rotation; the larger the moment of inertia, the more torque it takes
to spin the object about the designated axis.

momentum The property of a moving object that tends to keep it moving in the same
direction.

natural resonant frequency In mechanical systems, the frequency at which a part or
parts will vibrate. The resonant frequency is a function of the mass and spring constant.

Newton Unit of force in the SI system (1 N = 0.224 1b)
normal force In friction calculations, the force pushing the sliding surfaces together.

overdamped A system that has so much drag (from static or viscous friction) that its
response is sluggish.

overshoot The event when a mechanical (or electrical) output approaches its desti-
nation too fast and goes beyond; underdamped systems tend to overshoot.

pinion The small driver gear in a gear pass.

pitch circle If gears were solid disks, the pitch circle would be the theoretical circle
that meshed gears roll on.

pitch diameter The diameter of the pitch circle.

power A property that describes how fast energy is being used; in other words, power
is energy per unit time.

sliding friction The frictional drag force on two dry sliding objects.
spur gear A type of circular gear with radial teeth (the most common type of gear).

static friction The friction force that must be overcome to get an object at rest to move;
for a particular object, static friction is greater than sliding friction.

torque A twisting force such as would come from a motor; torque is used in rotational
systems just as force is used in linear systems.

underdamped A system that has relatively little damping so that it responds quickly
and tends to overshoot.
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viscous friction A drag force experienced when a lubricant is used between the
objects so that the objects do not actually touch; the drag force, which is proportional
to velocity, comes from the layers of lubricant slipping over each other.

weight Technically, a downward force exerted by a mass, caused by gravity.

worm The spiral-looking gear in a worm gearbox.

worm gear The circular gear that the worm meshes with in a worm gearbox.

EXERCISES
Section 5.1

1.
2.

10.

11.

12.

13.

What is the difference between static, sliding, and viscous friction?

An aluminum casting that weighs 10 1b is resting on a steel surface.

a. How much force will be necessary to get it started sliding?

b. How much force will be necessary to keep it sliding once it is moving?

A oak table that weighs 40 Ib is resting on a smooth oak floor.

a. How much force will be necessary to get it started sliding?

b. How much force will be necessary to keep it sliding once it is moving?

A coil spring has a spring constant of 5 Ib/in. and a rest length of 3 in. In a
machine, the spring is stretched to 4.5 in. and is used to exert a constant force on a
lever. How much force does the spring exert?

The keys of a certain keyboard depress  in. under 1 oz of force. What is the spring
constant?

A robot arm must be able to extend 24 in. horizontally in 2 s while carrying a load
of 10 1Ib. How much force is required, assuming the arm is accelerating all the way?
Rework Exercise 6 with the more realistic assumption that the arm accelerates for
the first 12 in., and then decelerates the last 12 in. The total time should still be 2 s.
A robot arm must be able to extend 50 cm horizontally in 2 s while carrying a load
of 5 kg. How much force is required, assuming the arm is accelerating all the way?
Rework Exercise 8 with the more realistic assumption that the arm accelerates for
the first 25 cm and then decelerates the last 25 cm. The total time should still be 2 s.
A linear actuator can provide a force of 2 Ib. How long will it take to accelerate a
6-1b load to a speed of 5 ft/s? (Assume no friction.)

Two rotating parts, one heavy and one light, need to be spun up to the same speed
in the same period of time. If they end up at the same speed, why does the heavy
part require a bigger motor?

A torque of 10 in. - Ib is applied to a rotating part. The part has a moment of iner-
tia of 0.5 1b - s? - in. How much time will it take to rotate the part 180°?

A wheel is attached to the end of an electric motor shaft. The wheel has a moment
of inertia of 1.5 1b - s? - in. If the motor produces a constant torque of 2 in. - Ib, how
long will it take the motor to spin the wheel up to 100 rpm?
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14.

15.

16.

17.

18.

A torque of 18 N - m is applied to a rotating part. The part has a moment of inertia
of 0.078 kg - m?. How much time will it take to rotate the part 180°?

A wheel is attached to the end of an electric motor shaft. The wheel has a moment
of inertia of 0.23 kg - m?. If the motor produces a constant torque of 0.035 N - m,
how long will it take the motor to spin the wheel up to 100 rpm?

A new disk drive must rotate at 300 rpm. How much torque must the motor supply to
go from 0 to 300 rpm in 3 s? The moment of inertia of the drive is 0.04 b - s> - in.
A lever like that shown in Figure 5.13(b) is used to press a cap on a container. To
press on the cap, 10 Ib of force is required at the handle [(F, in Figure 5.13b)] with
a stroke of 2 in. The total length of the lever is 18 in., and the distance from F, to
the pivot is 3 in. Find the force and stroke that results at F,.

A lever like that shown in Figure 5.13(c) is used as a hand lever brake on a
machine. To activate the brake, 5 Ib of force is required [F, in Figure 5.13(c)] with
a stroke of 1.5 in. The total length of the lever is 36 in., and the distance from F,
to the pivot is 6 in. Find the force and stroke that results at F,.

Section 5.2

19.
20.

21.

22,

23.

24,

An electric heater is rated at 220 Vac at 15 A. How many Btu/h of heat does it put out?
A small gasoline engine can put out 12,000 ft - Ib/min of mechanical power. The
engine is used to drive an electric generator that is 80% efficient. Find the output of
the generator in watts.

A 120-V electric motor is needed that can do the equivalent of lifting a 100-1b
weight 10 ft in 1 min. Assuming the motor is 85% efficient, find the motor current.
A small gasoline engine can put out 18,000 N - m/min of mechanical power. The
engine is used to drive an electric generator that is 80% efficient. Find the output of
the generator in watts.

A 120-V electric motor is needed that can do the equivalent of lifting a 50-kg mass
3 min 1 min. Assuming the motor is 85% efficient, find the motor current.

An electronic package is to be mounted 6 in. above a diesel engine on a steel
bracket. The bracket is / in. thick and 2 in. wide. Assume the engine block is 175°F
and the package is at 100°F. How much heat (Btu/h) will come through the bracket
(neglect heat dissipated by the bracket itself)?

Section 5.3

25.

26.

27.

The shock absorbers on a car dampen out bouncing when the car goes over a bump.
Use this example to explain the concept of underdamped, critically damped, and
overdamped systems. Specifically, how would the car react to a bump in each case?
What may happen if the vibrations in a system—say, from a rotating motor—are
at the same frequency as the resonant frequency of one of the system parts?

A 2-1b control box is connected by a bracket to a machine. If you push on the con-
trol box with 20 1b of force, the bracket bends a little, and the box moves about
0.25 in. Find the resonant frequency of the control box.
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Figure 5.48
(Problems 29-32)

Figure 5.49
(Problem 33)

120 teeth . 25in.
1in.

30 teeth
(a) (b)

Section 5.4

28. What is diametral pitch, and why is it an important parameter in a gear mesh?

29. Find the gear ratios of the gears shown in Figure 5.48.

30. For each gear pass shown in Figure 5.48, how many degrees must the small gear
turn for the big gear to turn 90°?

31. For each gear pass shown in Figure 5.48, how many degrees must the big gear turn
for the small gear to make two complete revolutions?

32. For each gear pass shown in Figure 5.48, the pinion is rotating at 50 rpm. Find the
rpm of the big gear.

33. Find the overall gear ratio of the gear train shown in Figure 5.49. If the motor is
rotating at 500 rpm, what is the rotational velocity of the output gear?

34. The motor in Figure 5.50 is turning at 600 rpm with a torque of 2 in. - Ib. What is
the velocity and torque available at the output shaft?

35. A roller needs to turn at 60 rpm and requires 10 in. - Ib of torque. A motor is avail-
able with a maximum velocity of 500 rpm at a torque of 1.3 in. - Ib. Can the motor
be used?

36. How is the moment of inertia of the load affected by a gear pass?

37. Explain the term backlash. What is the effect on backlash from long gear trains?

38. Give an advantage and a disadvantage of worm gear drives.

35 teeth 45 teeth 40 teeth

20 teeth

15 teeth 20 teeth
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Figure 5.50 200 teeth
(Problem 34)

50 teeth

39. What does the term lockup refer to in worm gear drives?

40. What are the advantages of the harmonic drive?

41. What is the gear ratio of a harmonic drive with 200 teeth in the outer cup and 196
teeth on the flex spline?

Section 5.5

42. Describe the function and operation of an electromagnetic clutch.
43. Describe the function and operation of an electromagnetic brake.

Section 5.6

44. What are some advantages of transmitting power by belts?

45. A “squirrel-cage” fan is driven by belt from a motor that turns at 1750 rpm (Figure
5.51). The motor pulley is 3 in. in diameter, and the fan pulley is 12 in. At what
speed does the fan rotate?

Figure 5.51
(Problems 45, 47)

3 in. diameter
(8 cm for problem 47)

12 in. diameter
(30 cm for problem 47)



220

CHAPTER 5

46.

47.

48.

49.

The pulleys in a variable-speed transmission expand from 4 to 8 in. in diameter.
Find the range of the velocity ratio.

A “squirrel-cage” fan is driven by belt from a motor that turns at 1750 rpm (Figure
5.51). The motor pulley is 8 cm in diameter, and the fan pulley is 30 cm. At what
speed does the fan rotate?

The pulleys in a variable-speed transmission expand from 6 to 20 cm in diameter.
Find the range of the velocity ratio.

What are some similarities and differences between belts and roller chains as used
in power transmission?



CHAPTER 6

Sensors

OBJECTIVES

After studying this chapter, you should be familiar with the characteristics and opera-

tion of such sensors as:

* Position sensors including potentiometers, optical rotary encoders, and lin-
ear variable differential transformers.

* Velocity sensors including optical and direct current tachometers.

* Proximity sensors including limit switches, optical proximity switches, and
Hall-effect switches.

* Load sensors including bonded-wire strain gauges, semiconductor force
strain gauges, and low-force sensors.

* Pressure sensors including Bourdon tubes, bellows, and semiconductor pres-
sure sensors.

* Temperature sensors including bimetallic temperature sensors, thermo-
couples, resistance temperature detectors, thermistors, and IC temperature
Sensors.

* Flow sensors including orifice plates, venturis, pitot tubes, turbines, and
magnetic flowmeters.

e Liquid-level sensors including discrete and continuous types.

INTRODUCTION

The devices that inform the control system about what is actually occurring are called
sensors (also known as transducers). As an example, the human body has an amazing
sensor system that continually presents our brain with a reasonably complete picture
of the environment—whether we need it all or not. For a control system, the designer
must ascertain exactly what parameters need to be monitored—for example, position,
temperature, and pressure—and then specify the sensors and data interface circuitry to
do the job. Many times a choice is possible. For example, we might measure fluid flow
in a pipe with a flowmeter, or we could measure the flow indirectly by seeing how long
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it takes for the fluid to fill a known-sized container. The choice would be dictated by
system requirements, cost, and reliability.

Most sensors work by converting some physical parameter such as temperature or
position into an electrical signal. This is why sensors are also called transducers, which
are devices that convert energy from one form to another.

6.1 POSITION SENSORS

Position sensors report the physical position of an object with respect to a reference
point. The information can be an angle, as in how many degrees a radar dish has turned,
or linear, as in how many inches a robot arm has extended.

Potentiometers

A potentiometer (pot) can be used to convert rotary or linear displacement to a volt-
age. Actually, the pot itself gives resistance, but as we will see, this resistance value can
easily be converted to a voltage. Pots used for position sensors are the same in principle
as a standard “volume-control,” but there is a difference. A pot used for a volume con-
trol may have audio taper, which means the resistance changes in a nonlinear fashion
to match the human perception of “getting louder.” A pot used to measure angular posi-
tion has linear taper, which means the resistance changes linearly with shaft rotation.

Figure 6.1(a) illustrates how the pot works. A resistive material, such as conduc-
tive plastic, is formed in the shape of a circle (terminating at contacts A and C). This
material has a very uniform resistivity so that the ohms-per-inch value along its length
is a constant. Connected to the shaft is the slider, or wiper, which slides along the resis-
tor and taps off a value [contact B in Figure 6.1(a)]. Figure 6.1(b) shows the circuit
symbol. The pot just described is the single-turn type, which actually has only about
350° of useful range. A single-turn pot may have “stops” at each end of its travel.
Obviously, such a pot could only be used where the rotation never exceeds 350°. A sin-
gle-turn pot without stops has a small “dead zone” when the wiper crosses the end of
the resistor. Multiturn pots are available with a wiper that moves in a helix motion,
allowing for up to 25 or more revolutions of the shaft from stop to stop. Figure 6.1(c)
illustrates a linear-motion potentiometer. In this case, the wiper can move back-and-
forth in a straight line. Linear-motion pots are useful for sensing the position of objects
that move in a linear fashion.

Figure 6.2(a) shows a pot that detects the angular position of a robot arm. In this
case, the pot body is held stationary, and the pot shaft is connected directly to the motor
shaft. Ten volts is maintained across the (outside) terminals of the pot. Look at Figure
6.2(b) and imagine how the voltage is changing evenly from 0 to 10 Vdc along the resis-
tive element. The wiper merely taps off the voltage drop between its contact point and
ground. For example, if the wiper is at the bottom, the output is 0 V corresponding to
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Figure 6.1 Resistance
Potentiometer. material . Wiper
" 4 | 3
\ B o— A = = C
C
A
B /
C
(a) Rotary pot (b) Symbol (c) Linear-motion pot

0°. When the wiper is at the top, the output is 10 V corresponding to 350°; in the exact
middle, a 5-V output indicates 175° (350°/2 = 175°). Example 6.1 demonstrates how
to calculate the pot voltage for any particular angle.

EXAMPLE 6.1

A pot is supplied with 10 V and is set at 82° [similar to Figure 6.2(b)]. The
range of this single-turn pot is 350°. Calculate the output voltage.

SOLUTION

If the pot is supplied 10 V, then the maximum angle of 350° will produce a
10-V output. Using these values, we can set up a ratio of output to input and
use that ratio to calculate the output for any input [this ratio is an example of
a simple transfer function (TF) discussed in Chapter 1]:

10V
(350°) o=—o0 (10V)
(175°) =05V =V,
-0 (0V)

(a) Motor driving robot arm; pot (b) Circuit
connected to a motor shaft

Figure 6.2
Potentiometer as
a position sensor.
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output 10 Vdc
TF  =——=——"—
PU input  350°
To find the output voltage for a particular angle, multiply the angle with the

transfer function (and as always, be sure the units work out correctly—in this
case, degrees cancel, leaving volts as the unit):

10 Vd
Pot voltage (at 82°) = E ¢

x 82° =2.34Vdc

o

The potentiometer circuit being discussed here is actually a voltage divider, and to
work properly the same current must flow through the entire pot resistance. A loading
error occurs when the pot wiper is connected to a circuit with an input resistance that
is not considerably higher than the pot’s resistance. When this happens, current flows
out through the wiper arm, robbing current from the lower portion of the resistor and caus-
ing the reading to be low (see Example 6.2). To solve this problem, a high-impedance
buffer circuit such as the voltage follower (discussed in Chapter 3) can be inserted
between the pot and the circuit it must drive. Loading error is the difference between
the unloaded and loaded output as given in Equation 6.1a:

Loading error =V -V (6.1a)

where
VyL = output voltage with no load
V. = output voltage with load applied

EXAMPLE 6.2
A 10-kQ pot is used as a position sensor (Figure 6.3). Assume that the wiper
is in the middle of its range. Find the loading error when
a. The interface circuit presents an infinite resistance.
b. The interface circuit presents a resistance of 100 k€.

SOLUTION

a. Figure 6.3(a) shows the ideal situation where the interface circuit resistance
is so high that there is virtually no current in the pot wiper wire. The pot
will behave like two 5-kQ resistors in series, and we can use the voltage-
divider rule to calculate the pot voltage:

5kQ
V, =10Vx—u =
: 5kQ + 5 kQ
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Figure 6.3
Loading errors.

10V

sald .

SKQ{

Interface
circuit

(a) Potis unloaded; no error

As we would expect, the pot voltage is exactly half of the 10-V supply volt-
age. There is no loading error in this case.

. Now consider the case where the input resistance of the interface circuit is

100 k€2, as shown in Figure 6.3(b). We will use the voltage-divider rule
again to compute the pot voltage, but this time the lower resistance is the
parallel combination of 5 k€ and 100 k€2 (as shown in [Figure 6.3(c)]:

1

11—
SkQ//100kQ = — 4
100 kQ

5kQ

=4.76 kQ

which is the equivalent lower resistance. Using this value in the voltage
divider, we now recalculate the pot voltage:

4.76 kQ

— =488V
5kQ +4.76 kQ

V=10V x

Thus, the actual pot voltage is only 4.88 V when it should be 5 V. The load-
ing error is

5V -4.88V =.12V

The maximum loading error occurs when the pot is % of full range. If
you were to rework this problem for a pot voltage of 2.5 V, you would
find the error is only 0.045 V. Therefore, the effect of loading errors is
not linear.

10V 10V 10V
5kQ 5kQ
1
- 4.88V
E 5kQ $ 100 kQ 4.76 kQ

(b) 100-kQ resistance
causes loading error

(c) Developing equivalent circuit
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Figure 6.4
When motor shaft
is restricted to 90°,
the 3:1 gear pass
turns the pot
through 270°.

In many applications, the total rotary movement to be measured is less than a full
revolution. Consider the arm in Figure 6.4 that moves through an angle of only 90°.
Using as much of the pot’s range as possible in order to get a lower average error rate is
advantageous, so we might use a 3 : 1 gear ratio that causes the pot to turn through 270°.
(In Figure 6.4, the small pot gear must make three revolutions for each revolution of
the motor gear.) The controller will be programmed to understand that 3° of the pot cor-
responds to only 1° of the actual arm.

As in all physical systems, we must be aware of certain errors that creep in. In this
case, carbon pots cannot be made perfectly linear, so we define linearity error as the
difference between what the angle really is and what the pot reports it to be. The graph
of Figure 6.5 shows the ideal versus actual resistance (R) for a pot position sensor. The
error is the difference in resistance between these two lines. Notice that the error is not
the same everywhere, but the maximum error is designated as AR. Linearity error is
defined in percentage, as shown below, and ranges between 1.0 and 0.1% (but higher
precision costs more, of course):

AR % 100
Linearity error = —— (6.1b)

tot
where

AR = maximum resistance error

R, = total pot resistance

When the potentiometer is used as a position sensor, the output voltage is directly
proportional to the shaft angular position, so linearity error can also be expressed in
terms of angle:

AB x 100
Linearity error = ———— (6.1¢)

tot

Pot
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Figure 6.5
Linearity error of a
pot: ideal vs. actual.

where
AB= maximum angle error (in degrees)
0,,= total range of the pot (in degrees)

(Note: Loading effects will also contribute to the error.)

EXAMPLE 6.3

A single-turn pot (350°) has a linearity error of 0.1% and is connected to a
5 Vdc source. Calculate the maximum angle error that could be expected from
this system.

SOLUTION

To calculate the maximum possible angle error, rearrange Equation 6.1c and
solve:

_ linearity X0, 0.1 x350°
100 100

If this pot were in a control system, the controller would only know the posi-
tion to within 0.35° or about one-third of a degree.

A9 =0.35°

Linearity error determines the accuracy of a sensor. A related but different meas-
urement concept is resolution. Resolution refers to the smallest increment of data that
can be detected and/or reported. In digital systems, the resolution usually refers to the
value of the least significant bit (LSB) because that is the smallest change that can be
reported. For example, a 2-bit number has four possible states (00, 01, 10, 11). If we
used this 2-bit number to quantify the gas level in your tank, we could specify the

Riot s
’f
,/” Vmax
4
3 g
S ’
2 2 Rideal
8 7 Rt S Vout
o g A
' /
4
AR o \R actual (one possibility) 1
Pl L )
A |
350°

Shaft angle 6
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amount of gas only to the nearest fourth, that is, empty, one-quarter, one-half, and three-
quarters. Thus, the resolution would be one-fourth of a tank of gas. The “accuracy” of
a digital system should be +}5 LSB (although it could be worse, in which case the LSB
wouldn’t mean very much). In the gas-gauge example, +/ LSB accuracy corresponds to
+'% tank, so if the gauge reads half full, you would know that the actual level was
between three-eights and five-eighths full.

For an analog device such as a potentiometer, resolution refers to the smallest
change that can be measured. It is usually expressed in percentage:

smallest change in resistance x 100
total resistance

AR
=—x 100 (6.2)

tot

% resolution =

Let’s examine resolution in conjunction with the wire-wound potentiometer. A wire-
wound pot uses a coil of resistance wire for the resistive element (see Figure 6.6). The
wiper bumps along on the top of the coil. Clearly, the resolution in this case is the resist-
ance of one loop of the coil. This concept is illustrated in Example 6.4.

EXAMPLE 6.4

The resistive element of a wire-wound pot is made from 10 in. of 100 /in.
resistance wire and is wound as a coil of 200 loops. The range of the pot is
350°. What is the resolution of this pot?

LUTI
SOLUTION 100 Q

m.

Total resistance = R, = 10 in. X =1kQ

The pot coil has 200 turns of wire. Therefore, the smallest increment of
resistance corresponds to one loop of the coil. The resistance of one loop of
wire is

i 1 kQ
Resistance/loop = ——— =5 Q/loop
200 loops

Thus, resolution is

AR><100_5£2><100
R, 1Q

tot

=0.5%

If this pot were to be used as a position sensor, it would be useful to know
what the resolution is in degrees. The smallest measurable change corresponds
to one loop of the resistance coil, and this pot divides 350° into 200 parts;
therefore, the resolution in degrees would be 350°/200 loops = 1.75°.
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Figure 6.6

Resolution in a

wire-wound pot.

(i

The output of a position sensor should be a continuous DC voltage, but the slider
action of pots can sometimes cause voltage transients. This is particularly true for wire-
wound pots because the slider may momentarily break contact as it bumps from wire
to wire. If this is a problem, it can usually be resolved with a low-pass filter, which is
simply a capacitor to ground (Figure 6.7). The capacitor stays charged up to the aver-
age pot voltage and resists momentary voltage changes.

Example 6.5 uses a potentiometer as the position sensor for a digital feedback con-
trol system. The main consideration here is resolution from the analog to the digital.

EXAMPLE 6.5

The robot arm illustrated in Figure 6.7 rotates 120° stop-to-stop and uses a pot
as the position sensor. The controller is an 8-bit digital system and needs to
know the actual position of the arm to within 0.5°. Determine if the setup
shown in Figure 6.7 will do the job.

SOLUTION

To have 0.5° resolution means that the entire 120° will be divided into 240 incre-
ments, each increment being 0.5°. An 8-bit number has 255 levels (from
00000000 to 11111111), so it has more than enough to do the job. (That’s good!)

The pot is supplied with 5 V. Therefore, the output of the pot would be 5
V for the maximum pot angle of 350° (if it could rotate that far). Notice that
the reference voltage of the ADC (analog-to-digital converter) is also set at 5
V; thus, if the pot voltage (me) is 5V, the digital output would be 255
(11111111, ). Table 6.1 summarizes this (see last three columns).

A single-turn pot has a range of 350°, but the robot arm only rotates 120°,
hence the 2 : 1 gear ratio between the pot and the arm. With this arrangement,
the pot rotates 240° when the arm rotates 120°. By doubling the operating
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Figure 6.7
Pot sensor position system for
robot arm (Example 6.5).

(a) Hardware setup

5V 73V V=5V
Pot
(5 V) 350° 0>< <07.3V 1LSB
1
i ADC 8-bit
(3.4V) 240° 0> <05V 1 controller
[ 1
0
Range 0
l 0
3o 03 Vou=029V 0 MSB

capacitor

l Filter
il

120°

(b) Sensor circuit

range of the pot, the linearity and resolution errors (from the pot) are reduced
by half.

Consider the case when the robot arm is at 10° (second line in Table 6.1).
Because of the 2 : 1 gear ratio, the pot would be at 20°. To calculate the pot
voltage at 20°, we use the transfer function of the pot (5 V/350°):

5V
=% 20°=029V
Pt 350°

This 0.29 V is then converted into binary with the ADC (see Figure 6.7). To
calculate the binary output, first form the ADC transfer function:

output 255 states
input 5V
Now calculate the ADC binary output using the 0.29 V (pot voltage) as the input:

255 stat
o e 029V = 148 =15, =00001111,_

states
We now turn our attention to the system resolution, which is the smallest meas-
urable change. In a digital system, this usually corresponds to the value
assigned to the LSB (you can’t change half a bit!). We can find the resolution
by calculating the pot angle corresponding to a single binary state. This is done
by multiplying the transfer functions of each of the system elements together
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to get an overall system transfer function (you may notice that we actually
used the inverse of the transfer functions in order to get the desired units):

1° 350° 5V 0.686°
—Arm s X = arm

arm pot =
2° pot 5V 255 states state
e and Nt Nyt
Gears Pot ADC

This result tells us that the LSB of the ADC is 0.686°, which is too big! We
need the LSB to be 0.5°. As it stands, this design does not meet the specifica-
tion. Can it be fixed? Yes, looking back, you can see that at 350° the pot sends
5V to the ADC, but this will never happen because the pot is constrained to
240°. To get maximum resolution from the ADC, the pot should send 5 V to
the ADC when the pot is 240°. This will require raising the pot supply volt-
age to 7.3 V [by ratio, 5 V X (350°/240°) = 7.3 V].
The revised voltages are shown in the dashed circle in Figure 6.7. Now
the resolution is recalculated to be
1° 350° 5V
—am X

arm

2° 7.3V 255 states

pot

= (0.470°/state

This result is within the 0.5° specification for resolution.

Optical Rotary Encoders

An optical rotary encoder produces angular position data directly in digital form, elim-
inating any need for the ADC converter. The concept is illustrated in Figure 6.8, which
shows a slotted disk attached to a shaft. A light source and photocell arrangement are
mounted so that the slots pass the light beam as the disk rotates. The angle of the shaft
is deduced from the output of the photocell. There are two types of optical rotary
encoders: the absolute encoder and the incremental encoder.

TABLE 6.1

System Values for Various Angles of Robot Arm

Arm angle Pot angle Pot voltage ADC output
(degrees) (degrees) (V) (binary states)
0 0 0 00000000
10 20 0.29 00001111
120 240 3.43 10110000

175 350 5 11111111




232 CHAPTER 6

Figure 6.8
An optical rotary
encoder.

Figure 6.9

An absolute optical
encoder using
straight binary code.

o

Light source

Photocell
& ._— Disk

/

Shaft

Absolute Optical Encoders

Absolute optical encoders use a glass disk marked off with a pattern of concentric tracks
(Figure 6.9). A separate light beam is sent through each track to individual photo sensors.
Each photo sensor contributes 1 bit to the output digital word. The encoder in Figure 6.9
outputs a 4-bit word with the LSB coming from the outer track. The disk is divided into 16
sectors, so the resolution in this case is 360°/16 = 22.5°. For better resolution, more tracks
would be required. For example, eight tracks (providing 256 states) yield 360°/256 =
1.4°/state, and ten tracks (providing 1024 states) yield 360°/1024 = 0.35°/state.

(Note: Black areas
causea 1 output)
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Figure 6.10

An absolute optical
encoder showing how an
out-of-alignment photocell
can cause an erroneous
state. (Note: Dark areas
produce a 1, and light
areas produce a 0.)

Figure 6.11

An absolute optical
encoder using a grey
code.

Disk turns
(photo cells are stationary)
8|57
01/1]|B,
0olo0]|1]|B
0l1(1|B,
1,00 |B;

!

Erroneous state

An advantage of this type of encoder is that the output is in straightforward digital
form and, like a pot, always gives the absolute position. This is in contrast to the incre-
mental encoder that, as will be shown, provides only a relative position. A disadvan-
tage of the absolute encoder is that it is relatively expensive because it requires that
many photocells be mounted and aligned very precisely.

If the absolute optical encoder is not properly aligned, it may occasionally report
completely erroneous data. Figure 6.10 illustrates this situation, and it occurs when
more than 1 bit changes at a time, say, from sector 7 (0111) to 8 (1000). In the figure,
the photo sensors are not exactly in a straight line. In this case, sensor B, is out of align-
ment (it’s ahead) and switches from a 1 to a 0 before the others. This causes a momen-
tary erroneous output of 5 (0101). If the computer requests data during this “transition”
time, it would get the wrong answer. One solution is to use the Grey code on the disk
instead of the straight binary code (Figure 6.11). With the Grey code, only 1 bit changes

15 0
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Figure 6.12
An incremental
optical encoder.

between any two sectors. If the photocells are out of line, the worst that could happen is
that the output would switch early or late. Put another way, the error can never be more
than the value of 1 LSB when using the Grey code.

Incremental Optical Encoders

The incremental optical encoder (Figure 6.12) has only one track of equally spaced
slots. Position is determined by counting the number of slots that pass by a photo sen-
sor, where each slot represents a known angle. This system requires an initial reference
point, which may come from a second sensor on an inner track or simply from a
mechanical stop or limit switch. In many applications, the shaft being monitored will
be cycling back-and-forth, stopping at various angles. To keep track of the position, the
controller must know which direction the disk is turning as well as the number of slots
passed. Example 6.6 illustrates this.

EXAMPLE 6.6

An incremental encoder has 360 slots. Starting from the reference point, the
photo sensor counts 100 slots clockwise (CW), 30 slots counterclockwise
(CCW), then 45 slots CW. What is the current position?

SOLUTION

If the disk has 360 slots, then each slot represents 1° of rotation. Starting at
the reference point, we first rotated 100° CW, then reversed 30° to 70°, and
finally reversed again for 45°, bringing us finally to 115° (CW) from the ref-
erence point.

Light source

Position sensor-__

Reference sensor—
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Figure 6.13
An incremental
optical encoder.

A single photo sensor cannot convey which direction the disk is rotating; however,
a clever system using two sensors can. As Figure 6.13(a) illustrates, the two sensors, V,
and V,,, are located slightly apart from each other on the same track. For this example,
V, is initially off (well, almost—you can see it is half-covered up), and V, is on. Now
imagine that the disk starts to rotate CCW. The first thing that happens is that V, comes
completely on (while V, remains on). After more rotation, V, goes off, and slightly later
V, goes off again. Figure 6.13(b) shows the waveform for V, and V,,. Now consider what
happens when the disk is rotated in the CW direction [starting again from the position
shown in Figure 6.13(a)]. This time V, goes off immediately, and V, stays on for half a
slot and then goes off. Later V, comes on, followed by V, coming on. Figure 6.13(c)
shows the waveforms generated by V, and V,. Compare the two sets of waveforms—
notice that in the CCW case V., leads V| by 90°,whereas for the CW case V, is leading
V, by 90°. This difference in phase determines which direction the disk is turning.

Decoding V, and V, The hardware of the incremental encoder is simpler than for
the absolute type. The price paid for that simplicity is that we do not get direct binary
position information from V, and V,. Instead, a decoder circuit must be employed to con-
vert the signals from the photo sensors into a binary word. Actually, the circuit has two
parts: The first part extracts direction information, and the second part is an up-down
counter, which maintains the slot count. The block diagram of Figure 6.14 shows this.
Referring to the diagram, we see that V| and V, are converted into two new signals

360° (In this case, 360° means
/ 1 cycle from slot to slot)

Disk

e

(a) Two-photosensor
arrangement to
determine direction

~ =
ccw Disk rotates Ccw

0° 360°

(b) CCW—Photocell v, I_I]h 1 r

waveforms for
[ ] |

counterclockwise
Vol

Z4Leading
/ Leading
(c) CW—Photocell 72 | f| |& | |_

waveforms for

clockwise
Vo[ ] i N
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Figure 6.14
Block diagram of
an incremental
encoder system.

Figure 6.15

A decoder for an
incremental optical
encoder.

Reference l
V. -
1 Count-down CLR
Decoder Counter
Vo Count-up
—>
Disk TTTTTTT]
\—/—/

Digital position

denoted by “count-down” and “count-up”. The count-down signal gives one pulse for
every slot passed when the disk is going counterclockwise. The count-up signal gives one
pulse for each slot when the disk is rotating clockwise. These signals are then fed to an
up-down counter such as the TTL 74193. This counter starts out at O (it is usually reset
by the reference sensor) and then proceeds to maintain the position by keeping track of
the CCW and CW counts. Referring again to Example 6.6, the counter would start at 0,
count up to 100, count down 30 pulses to 70, and then count up 45 pulses to 115. Thus,
the accumulated total on the counter always represents the current absolute position.

The simplest way to perform the decoding is with a single D-type flip-flop and two
AND gates (Figure 6.15). To understand how this circuit functions, we need to exam-
ine the waveforms of V, and V, (Figure 6.16). In the CCW case, every time V, goes
low, V1 is high; in the CW case, when V2 goes low, V1 is low. This fact is used to sep-
arate CCW and CW rotation. V, is connected to the negative-going clock of the flip-
flop, and V| is connected to the D input. Every time V,, goes low, V| is latched and
appears at the output. Thus, as long as the disk is rotating CCW, the output will be high;
and as long as it rotates CW, the output will be low. These direction signals can be gated
with V, to produce the required counter inputs count-up and count-down. The count-
up signal pulses once per slot when the disk is turning clockwise, and the count-down
signal pulses when the disk is turning counterclockwise.

The decoding described so far is the straightforward low-resolution approach.
Getting a resolution four times better with more sophisticated decoding is possible
because the signals V, and V, cycle through four distinct states each time a slot passes
the sensors. These states can be seen in Figure 6.17. If we were to decode each of these
states in Example 6.7, then we would know the angle to the nearest 0.36° (1.44°/4 =
0.36°) instead of 1.44°.

V. D Q cow I
1 :>—> Count-down
Flip-flop 1
_| Ccw
V, +>=bCLK Q } Count-up
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Figure 6.16
Decoding direction
from V, and V,.

Figure 6.17

An incremental
encoder showing
four unique states
for each slot cycle.

ccw
v, % [ 1 [ 1
Vi [ I | [
cw ! f f
72 [ 1 [ 1
EXAMPLE 6.7

A position-sensor system (Figure 6.14) uses a 250-slot disk. The current value
of the counter is 00100110. What is the angle of the shaft being measured?

SOLUTION

For a 250-slot disk, each slot represents 360°/250 = 1.44°, and a count of
00100110 = 38 decimal, so the position is 38 X 1.44° = 54.72°.

Interfacing the Incremental Encoder to a Computer There is a special prob-

lem when attempting to pass data to a computer from a standard ripple-type digital
counter.” The counter is counting real-world events and so is not synchronized with the
computer. If the computer requests position data while the counter is changing, it may
very well get meaningless data. Because this is a remote possibility, the resulting errors
are infrequent and in many applications can be ignored. But other situations require that
data always be accurate.

One approach to the problem might be to disable or “freeze” the counter during the

time when the computer is receiving data. But if a count-pulse occurs while the counter

v,

One slot starts\r— Slot-to-slot distance —>|/ Next slot starts

U
|<— slot —

[ 1+ 02 - 03 | 94 ]

*The common ripple counter takes a finite time to settle out because a new count may cause a “carry”
to ripple up through all bits.
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Figure 6.18

An incremental
encoder interface
circuit showing
how the latch is
inhibited from
changing when the
counter is updated.

is frozen, it will be lost. The solution is to put a latch (a temporary holding register)
between the counter and the computer (Figure 6.18). With this setup, the counter is never
disabled and always holds the correct count. The latch is connected so that it ordinarily
contains the same value as the counter. During those brief times when the counter is count-
ing, the latch is inhibited from changing. With this system, a count is never permanently
lost. The worst situation would be if a count came in while a computer exchange was in
progress; in this case, the new count would not be reported with the current exchange
because the latch is frozen. As soon as the counter finished updating, however, the latch
would be updated, and the count would be reported with the next computer exchange.

EXAMPLE 6.8

The angular position of a shaft must be known to a resolution of 0.5°. A system

that uses a 720-slot encoder (Figure 6.19) is proposed. The controller uses a 8051
microcontroller which has 8 bit ports. Will this design meet the specifications?

SOLUTION

For 0.5° resolution, the encoder must have a slot every 0.5° as a minimum.
First, calculate the number of slots required:

360°

0.5°/slot

The 720-slot encoder will work just fine. Being a digital system, the resolution
is determined by the LSB, which in this case should correspond to 1 slot on the
disk (0.5°). The binary output should have a range of 0-719 (for 720 states), so

= 720 slots

the circuit must have the capacity to handle 10-bit data (because it takes 10 bits

to express 719).
719 (decimal) = 1011001111 (binary)
Count
2 L down
V. Decoder Count | &0 nter Latch Computer
2 up
Disk Inhibit
N
N

Latch cannot change
as long as this line is low
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Figure 6.19

A circuit diagram of
optical-encoder-to-
microcontroller inter-
face (Example 6.8).

Disk

Because the controller is an 8-bit microcontroller, it will require two ports to
input the entire 10 bits. As shown in Figure 6.19, the counter consists of three
74193 4-bit up-down counters. The outputs of the counter are constantly updat-
ing the 10-bit latch made from two 74373s. The outputs of the latch are con-
nected to ports 1 and 3 of the 8051.

Linear Variable Differential Transformers

The linear variable differential transformer (LVDT) is a high-resolution position sen-
sor that outputs an AC voltage with a magnitude proportional to linear position. It has a
relatively short range of about 2 in., but it has the advantage of no sliding contacts. Figure
6.20(a) illustrates that the unit consists of three windings and a movable iron core. The
center winding, or primary, is connected to an AC reference voltage. The outer two wind-
ings, called secondaries, are wired to be out of phase with each other and are connected
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Figure 6.20

A linear variable
differential
transformer
(LVDT).
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in series. If the iron core is exactly in the center, the voltages induced on the secondaries
by the primary will be equal and opposite, giving a net output (V, ) of 0V [as shown in
Figure 6.20(c)]. Consider what happens when the core is moved a little to the right. Now
there is more coupling to secondary 2 so its voltage is higher, while secondary 1 is lower.
Figure 6.20(d) illustrates the waveforms of this situation. The algebraic sum of the two
secondaries is in phase with secondary 2, and the magnitude is proportional to the dis-
tance the core is off center. If the core is moved a little left of center, then secondary 1 has
the greater voltage, producing a net output that is in phase with secondary 1 [Figure
6.20(b)]. In fact, the only way we can tell from the output which direction the core moved
is by the phase. Summarizing, the output of the LVDT is an AC voltage with a magnitude
and phase angle. The magnitude represents the distance that the core is off center, and the
phase angle represents the direction of the core (left or right.)

Figure 6.21 illustrates an LVDT with its one-chip support electronics. An oscilla-
tor provides the AC reference voltage to the primary—typically, 50-10 KHz at 10 V or
less. The output of the LVDT goes first to a phase-sensitive rectifier. This circuit com-
pares the phase of LVDT output with the reference voltage. If they are in phase, the rec-
tifier outputs only the positive part of the signal. If they are out of phase, the rectifier
outputs only the negative parts. Next, a low-pass filter smoothes out the rectified sig-
nal to produce DC. Finally, an amplifier adjusts the gain to the desired level. The output
of the LVDT interface circuit is a DC voltage whose magnitude and polarity are pro-
portional to the linear distance that the core is offset from the center. Some integrated
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Figure 6.21
An interface circuit
for an LVDT.
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circuits, such as the AD698 (Analog Devices), combine all the functions shown within
the box (of Figure 6.21) on a single chip.

6.2 ANGULAR VELOCITY SENSORS

Angular velocity sensors, or tachometers, are devices that give an output proportional
to angular velocity. These sensors find wide application in motor-speed control sys-
tems. They are also used in position systems to improve their performance.

Velocity from Position Sensors

Velocity is the rate of change of position. Expressed mathematically,

Velocity = 20_9,-9, (6.3)
At -1
where
AO  =change in angle
At =change in time
0,, 0, = position samples
byt = times when samples were taken

Because the only components of velocity are position and time, extracting veloc-
ity information from two sequential position data samples should be possible (if you
know the time between them). This concept is demonstrated in Example 6.9. The math
could be done with hard-wired circuits or software. If the system already has a position
sensor, such as a potentiometer, using this approach eliminates the need for an addi-
tional (velocity) sensor.
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EXAMPLE 6.9

A rotating machine part has a pot position sensor connected through an ADC
such that LSB = 1°. Determine how to use this setup to get velocity data.

SOLUTION

Velocity can be computed from two sequential position samples—6), taken at time
t, and 0, taken at z,, as specified in Equation 6.3:

: A6 6,-6,
Velocity = —=——
At L—1
If we took a data sample exactly every second, then the denominator of
Equation 6.3 would be 1. In that case, velocity would just equal (6, —6,), but
1 s is probably too long a time for the controller to wait between samples.
Instead, select o s (100 ms) as the time between samples. Now,

AO 0,-6,
At 1/10

Thus, all the software has to do to calculate velocity is

=10(6,-6,)

1. Take two position samples exactly /o s apart.
2. Subtract the values of the two samples.
3. Multiply the result by 10.

Velocity data can be derived from an optical rotary encoder in two ways. The first
would be the method just described for the potentiometer; the second method involves
determining the time it takes for each slot in the disk to pass. The slower the velocity,
the longer it takes for each slot to go by. The digital counter circuit shown in Figure
6.22 can be used as a timer to time how long it takes for one slot to pass. The idea is to
count the cycles of a known high-speed clock for the duration of one slot period. The
final count would be proportional to the time it took for the slot to pass.

The operation of the circuit (Figure 6.22) is as follows. One of the outputs of the opti-
cal encoder (say, V) is used as the input to the timer. V| triggers a one-shot to produce
V/, which is a brief negative-going pulse to clear the counter. When V| returns high
(removing the clear), a high-speed clock is counted by the counter. When the next slot
triggers the one-shot, the counter data are transferred into a separate latch, and the counter
is cleared so it can start over again. The controller reads the count from the latch. The
value of the count is proportional to the reciprocal of the angular velocity. The slower the
velocity, the larger the count. This means that for very slow velocities the counter might
overflow and start counting up from 0 again (such as your car odometer turning over from
99,999 to 00,000). In fact, when the disk comes to a dead stop, any counter would over-
flow eventually. To solve this problem, a special circuit using another one-shot has been
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added. Every time the counter fills up, the one-shot fires and reloads 1s into all bits. This
action prevents the full counter from ever rolling over to 0. The result is that a full counter
is interpreted by the controller as meaning “velocity too low to measure.”

Tachometers

Optical Tachometers

The optical tachometer, a simple device, can determine a shaft speed in terms of rev-
olutions per minute (rpm). As shown in Figure 6.23, a contrasting stripe is placed on
the shaft. A photo sensor is mounted in such a way as to output a pulse each time the
stripe goes by. The period of this waveform is inversely proportional to the rpm of the
shaft and can be measured using a counter circuit like that described for the optical shaft

Figure 6.23
An optical tachometer.

Photodetector
/

@Q

Light source -~
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Figure 6.24
A toothed-rotor
tachometer.

encoder (Figure 6.22). Notice that this system cannot sense position or direction.
However, if two photo sensors are used, the direction could be determined by phasing,
similar to the incremental optical shaft encoder.

Toothed-Rotor Tachometers

A toothed-rotor tachometer consists of a stationary sensor and a rotating, toothed,
iron-based wheel (see Figure 6.24).The toothed wheel (which looks like a big gear) can
be built into the part to be measured—for example, the crankshaft of a car engine. The
sensor generates a pulse each time a tooth passes by. The angular velocity of the wheel
is proportional to the frequency of the pulses. For example, if the wheel had 20 teeth,
then there would be 20 pulses per revolution (see Example 6.10).

There are two kinds of toothed-rotor sensors in use. One kind is called a variable-
reluctance sensor and consists of a magnet with a coil of wire around it (see Figure
6.24). Each time an iron tooth passes near the magnet, the magnetic field within the mag-
net increases, inducing a small voltage in the coil of wire. These pulses can be converted
into a clean square wave with threshold detector circuits (as discussed in Chapter 3). The
other type of sensor used for this application is the Hall-effect sensor. The details of the
Hall-effect sensor are discussed later in this chapter, so for now we will simply say that
this sensor also gives a pulse each time an iron tooth passes by.

EXAMPLE 6.10

A toothed-rotor sensor has 20 teeth. Find the revolutions per minutes (rpm) if
the sensor outputs pulses at 120 Hz.

Sensor
(Variable
Reluctance)
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SOLUTION

One approach is to find the general transfer function (TF) for the system and
then use the TF to find the rpm for any particular frequency. We start with the
fact that 1 rps (1 revolution per second) of the rotor would result in a sensor
frequency of 20 Hz.

sensor

input rpm, 1rps 60 rpm ] pm,

sensor

TF = output _ freq (Hz) 20 Hz « Irps 0.33Hz

Therefore, the input/output relationship of the system is: 1 rpm of the rotor
produces a frequency of .33 Hz at the sensor. We can use this relationship to
find the rpm of the rotor when the sensor frequency was 120 Hz.

1 rpm
Hz

120 Hz %

=360 rpm

rotor

Thus the rotor is turning at 360 rpm. Notice that we had to invert the TF in this
case to get the units of Hz to cancel, leaving the desired unit of rpm.

Direct Current Tachometers

A direct current tachometer is essentially a DC generator that produces a DC output
voltage proportional to shaft velocity. The output polarity is determined by the direc-
tion of rotation. Typically, these units have stationary permanent magnets (discussed in
Chapter 7), and the rotating part consists of coils. Such a design keeps the inertia down
but requires the use of brushes, which eventually wear out. Still, these units are useful
because they provide a direct conversion between velocity and voltage.

Figure 6.25 gives the specifications of the CK20 tachometer. The housing of this
unit is constructed so that it can mount “piggyback” on a motor, providing direct feed-
back of the motor velocity. The transfer function for the tachometer has units of
volts/1000 rpm. We can use the transfer function to calculate the output voltage for a
particular speed. Looking at the bottom of Figure 6.25, you can see that the CK20
comes in three models. For example, the CK20-A outputs 3 V for 1000 rpm
(3 V/Krpm). It has a speed range of 0-6000 rpm, so the maximum voltage would be
18 V at 6000 rpm. This information can be displayed as a linear graph (Figure 6.26).
From the graph, we can easily find the output voltage for any speed. The “linearity” of
the motor is given as 0.2%, which means that the actual velocity may be as much as
0.2%, different from what it should be. For example, if the output is 9 V, the velocity
should be 3000 rpm; however, because 0.2% % 3000 = 6 rpm, the actual velocity could
be anywhere from 2994 to 3006 rpm.
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Figure 6.25
The CK20 DC
tachometer.

CK20 DC TACHOMETER

The model CK20 is a moving coil
tachometer designed for use in
applications requiring velocity
feedback with minimum system

inertia load.
Parameter Value Units
Linerity 2 % max. deviation
Ripple 15 max, % peak to peak AC
Ripple Frequency 19 Cycles per revolution
Speed Range 16000 RPM
Armature Inertia 9x10* in-0z-sec’
Friction Torque 25 in-0z, max.
Rated Life 10,000 Hours at 3000 RPM
WINDING VARIATIONS
CK20-A CK20-B CK20-C
QOutput Voltage Gradient (VIKRPM) 30 2.5 1

Velocities of thousands of rpm are much higher than you would normally find for
actual heavy mechanical parts. Therefore the tachometer is frequently attached to the
motor, and the motor is geared down to drive the load. Example 6.11 demonstrates this.
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Figure 6.26
Graph of speed versus o0 L
output DC volts for the -
CK20-A tachometer.
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EXAMPLE 6.11

As shown in Figure 6.27, a motor with a piggyback tachometer has a built-in gear
box with a ratio of 100 : 1 (that is, the output shaft rotates 100 times slower than
the motor). The tachometer is a CK20-A with an output of 3 V/Krpm. This unit is
driving a machine tool with a maximum rotational velocity of 60°/s.

a. What is the expected output of the tachometer?

b. Find the resolution of this system if the tachometer data were converted to
digital with an 8-bit ADC as illustrated in Figure 6.27.

Figure 6.27 3V
A tachometer interface
circuit (Example 6.11). Tach

Motor (1000 rpm) \ Vier=3V

LSB

ADC Computer

[T [ T\ (NI QY T W (NI Q) U Q) JUTY

N

100:1 Gear train

Output shaft (10 rpm)
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SOLUTION

a. A maximum tool velocity of 60°/s can be converted to rpm as follows:

60° lrev 60s
X X —— =10 rpm
s 360° min
Because of the gear ratio, the tachometer is turning 100 times faster than
the tool. Calculating the overall transfer function of the velocity sensor, we

find
3V 100
X PMorer _ ) 3 Virpm, |
1000 I‘plnmotor 1 Ipn‘ltoo]
—— ——
Tachometer Gearbox

Now, using this transfer function, we can calculate what the tachometer
voltage would be when the tool is rotating at 10 rpm:

03V
—— X 10 rpm,
rpm,

=3V

tach — tool

tool

b. To get the best resolution, we would reference the ADC to 3 V so that 3 V
= 11111111, (255 decimal). Because we know that the tachometer is pro-
ducing 3 V when the shaft is rotating at 10 rpm and that 8 bits represent
255 levels, we can calculate the rpm represented by each binary state:

10 rpm

Resolution (LSB) = ——— = 0.04 rpm/state
255 states

This means that the digital controller will know the shaft velocity to within
0.04 rpm. Therefore, the resolution is 0.04 rpm.

6.3 PROXIMITY SENSORS

Limit Switches

A proximity sensor simply tells the controller whether a moving part is at a certain
place. A limit switch is an example of a proximity sensor. A limit switch is a mechan-
ical push-button switch that is mounted in such a way that it is actuated when a mechan-
ical part or lever arm gets to the end of its intended travel. For example, in an automatic
garage-door opener, all the controller needs to know is if the door is all the way open
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Figure 6.28
Two applications
of a photo detector.

or all the way closed. Limit switches can detect these two conditions. Switches are fine
for many applications, but they have at least two drawbacks: (1) Being a mechanical
device, they eventually wear out, and (2) they require a certain amount of physical force
to actuate. (Chapter 4 has more on limit switches.) Two other types of proximity sen-
sors, which use either optics or magnetics to determine if an object is near, do not have
these problems. The price we pay for these improved characteristics is that they require
some support electronics.

Optical Proximity Sensors

Optical proximity sensors, sometimes called interrupters, use a light source and a photo
sensor that are mounted in such a way that the object to be detected cuts the light path.
Figure 6.28 illustrates two applications of using photodetectors. In Figure 6.28(a), a
photodetector counts the number of cans on an assembly line; in Figure 6.28(b), a pho-
todetector determines whether the read-only hole in a floppy disk is open or closed.
Optical proximity sensors frequently use a reflector on one side, which allows the detec-
tor and light source to be housed in the same enclosure. Also, the light source may be
modulated to give the beam a unique “signature” so that the detector can distinguish
between the beam and stray light.

Four types of photodetectors are in general use: photo resistors, photodiodes,
photo transistors, and photovoltaic cells. A photo resistor, which is made out of a
material such as cadmium sulfide (CdS), has the property that its resistance decreases
when the light level increases. It is inexpensive and quite sensitive—that is, the
resistance can change by a factor of 100 or more when exposed to light and dark.

Photodetector
Light source 3%-in.

/ Floppy disk

Light source

Photodetector

(a) Counting cans on a conveyor belt (b) Detecting "read only”
hole in a floppy disk
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Figure 6.29

Photodectors.
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Figure 6.29(a) shows a typical interface circuit—as the light increases, Rp , decreases,
and so V_  increases.

A photodiode is a light-sensitive diode. A little window allows light to fall directly
on the PN junction where it has the effect of increasing the reverse-leakage current.
Figure 6.29(b) shows the photodiode with its interface circuit. Notice that the photodi-
ode is reversed-biased and that the small reverse-leakage current is converted into an
amplified voltage by the op-amp.

A photo transistor [Figure 6.29(c)] has no base lead. Instead, the light effectively
creates a base current by generating electron-hole pairs in the CB junction—the more
light, the more the transistor turns on.

The photovoltaic cell is different from the photo sensors discussed so far because
it actually creates electrical power from light—the more light, the higher the voltage.
(A solar cell is a photovoltaic cell.) When used as a sensor, the small voltage output
must usually be amplified, as shown in Figure 6.29(d).

Some applications make use of an optical proximity sensor called a slotted cou-
pler, also called an optointerrupter (Figure 6.30). This device includes the light source
and detector in a single package. When an object moves into the slot, the light path is
broken. The unit comes in a wide variety of standard housings [Figure 6.30(a)]. To oper-
ate, power must be provided to the LED, and the output signal taken from the photo-
transistor. This is done in the circuit of Figure 6.30(b), which provides a TTL-level (5 V
or 0 V) output. When the slot is open, the light beam strikes the transistor, turning it on,
which grounds the collector. When the beam is interrupted, the transistor turns off, and
the collector is pulled up to 5 V by the resistor.
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Figure 6.30
An optical slotted
coupler.
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Optical sensors enjoy the advantage that neither the light source, the object to be
detected, nor the detector have to be near each other. An example of this is a burglar
alarm system. The light source is on one side of the room, the burglar is in the middle,
and the detector is on the other side of the room. This property can be important in a
case where there are no convenient mounting surfaces near the part to be measured. On
the other hand, keeping the lenses clean may be a problem in some industrial situations.

Hall-Effect Proximity Sensors

In 1879 E. H. Hall first noticed the effect that bears his name. He discovered a special
property of copper, and later of semiconductors: They produce a voltage in the pres-
ence of a magnetic field. This is especially true for germanium and indium. The Hall
effect, as it is called, was originally used for wattmeters and gaussmeters; now it is used
extensively for proximity sensors. Figure 6.31 shows some typical applications. In all
cases, the Hall-effect sensor outputs a voltage when the magnetic field in which it finds
itself increases. This is done either by moving a magnet or by changing the magnetic
field path (but the value of the Hall voltage does not depend on the field “moving”—
only on the field being there).

Figure 6.32 shows how the Hall effect works. First, an external voltage source is
used to establish a current (/) in the semiconductor crystal. The output voltage (V) is
sensed across the sides of the crystal, perpendicular to the current direction. When a
magnetic field is brought near, the negative charges are deflected to one side produc-
ing a voltage. The relationship can be described in the following equation:

V,y=— (6.4)

where
V,, = Hall-effect voltage
K = constant (dependent on material)
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Figure 6.31 Hall sensor
Typical applications
of Hall-effect sensors.
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Figure 6.32
The operation of a
Hall-effect sensor.
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Figure 6.33

Hall-effect interface circuits.
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(b) Allegro UGN-3175

I = current from an external source
B = magnetic flux density
D = thickness constant

Equation 6.4 states that V,, is directly proportional to / and B. If 7 is held constant, then
V,, is directly proportional to B (magnetic flux density). Therefore, the output is not
really on/off but (over a short distance) somewhat linear. To get a switching action, the
output must go through a threshold detector like that illustrated in Figure 6.33(a). This
circuit uses two comparator amps to establish the high and low switching voltages.
When V,, goes above 0.5V, the top amp sets the R-S flip-flop. When V, goes below
0.25 'V, the bottom amp resets the flip-flop. For this circuit to work, we need to make
sure that the magnet comes near enough to the sensor to make V,, go above 0.5V and
far enough away for V,, to drop below 0.25 V.

A complete Hall-effect switch can be purchased in IC form. One example is the
Allegro 3175 [Figure 6.32(b)]; it includes the sensor (X), the cross-current drive, and
the threshold detector. The transistor turns on when the magnetic field goes above
+100 gauss and turns off when the field drops below —100 gauss. The transistor can
sink 15 mA, which can drive a small relay directly or a TTL digital circuit.

Hall-effect sensors are used in many applications—for example, computer key-
board switches and proximity sensors in machines. They are also used as the sensors
in the toothed-rotor tachometers discussed earlier in this chapter.

6.4 LOAD SENSORS

Load sensors measure mechanical force. The forces can be large or small—for example,
weighing heavy objects or detecting low-force tactile pressures. In most cases, it is the
slight deformation caused by the force that the sensor measures, not the force directly.
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Typically, this deformation is quite small. Once the amount of tension (stretching) or
compression (squeezing) displacement has been measured, the force that must have
caused it can be calculated using the mechanical parameters of the system. The ratio of
the force to deformation is a constant for each material, as defined by Hooke’s law:

F=KX (6.5

where

K = spring constant of the material

F = applied force

X = extension or compression as result of force

For example, if a mechanical part has a spring constant of 1000 Ib/in. and it compresses
0.5 in. under the load, then the load must be 500 Ib.

Bonded-Wire Strain Gauges

The bonded-wire strain gauge can be used to measure a wide range of forces, from 10
Ib to many tons. It consists of a thin wire (0.001 in.) looped back-and-forth a few times
and cemented to a thin paper backing [Figure 6.34(a)]. More recent versions use printed-
circuit technology to create the wire pattern. The entire strain gauge is securely bonded
to some structural object and will detect any deformation that may take place. The gauge
is oriented so the wires lie in the same direction as the expected deformation. The prin-
ciple of operation is as follows: If the object is put under tension, the gauge will stretch
and elongate the wires. The wires not only get slightly longer but also thinner. Both actions
cause the total wire resistance to rise, as can be seen from the basic resistance equation:

_pL
A

R (6.6)
where

R = resistance of a length of wire (at 20°C)

p = resistivity (a constant dependent on the material)

L =length of wire

A = cross-sectional area of wire

The change in resistance of the strain-gauge wires can be used to calculate the elonga-
tion of the strain gauge (and the object to which it is cemented). If you know the elon-
gation and the spring constant of the supporting member, then the principles of Hooke’s
law can be used to calculate the force being applied.

The resistance change in a strain gauge is small. Typically, it is only a few percent,
which may be less than an ohm. Measuring such small resistances usually requires a
bridge circuit [Figure 6.34(b)]. With this circuit, a small change in one resistor can cause
a relatively large percentage change in the voltage across the bridge. Initially, the bridge
is balanced (or “nulled”) by adjusting the resistances so that V| = V,. Then, when the
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Figure 6.34

Strain gauges.

Figure 6.35
Strain-gauge
configurations.

Active gauge

Force Force Output
=
\\/
Compensation gauge
(a) Placement of gauges (b) Interface circuit using a bridge

gauge resistance changes, the voltage difference (V| — V,) changes. The bridge also
allows us to cancel out variations due to temperature, by connecting a compensating
gauge (known as the dummy) as one of the bridge resistors. As shown in Figures 6.34
and 6.35, the actual compensation gauge is placed physically near the active gauge so as
to receive the same temperature, but it is oriented perpendicularly from the active gauge
so the force will not elongate its wires.

Analyzing the bridge circuit of Figure 6.34, we first calculate the individual volt-
ages V| and V, using the voltage divider law:

Vv Vv
Vl_ SRG V.= SRD

= , =
R1+RG R2+RD

The voltage across the bridge can be expressed as (V, - V,)

R R
(VI—V2)=AV=VS< G___"p )
R, +R; R,+R,

6\

Active v
Vout
Compensating
(a) Active and compensating gauges (b) Load cell with strain
are placed together so that they gauge and bridge

will be at the same temperature
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Using algebra, we can convert this equation to

R R —

AV=V, (RGR, = RyR))
(R, +R;) (R, +R))
We can simplify the analysis by specifying that all the resistors in the bridge (includ-
ing R and R),) have the same value (R) when it is balanced. Then, when the gauge is
stretched, R will increase a little to become R + AR (where AR is how many ohms R
increased because of the stretching). Using these conditions, the equation above sim-
plifies to

AV = VSL (when all resistors in bridge = R at null)
4R + 2AR
Looking at the denominator, we see that it is the sum of 4R and 2AR, but in all realistic
situations 4R will be much, much larger than 2AR , so we could say that 4R + 2AR = 4R.
With this assumption and some algebraic rearranging, we arrive at Equation 6.7, which
we can use to calculate the change in strain-gauge resistance on the basis of measured
voltage change across the bridge.

AR = 4R AV 6.7)
Vs
where
AR = change in the strain-gauge resistance
R =nominal value of all bridge resistors

AV = voltage detected across the bridge
V. =source voltage applied to the bridge

As the strain gauge is stretched, its resistance rises. The precise relationship between
elongation and resistance can be computed using Equation 6.8 and is based on the
gauge factor (GF), which is supplied by the strain-gauge manufacturer:

AR/R
£=—— (6.8)
GF
where
€ =elongation of the object per unit of length (AL/L), called strain
R = strain-gauge resistance

AR = change in strain-gauge resistance due to force
GF =gauge factor, a constant supplied by the manufacturer (GF is the ratio
(AR/R)/(AL/L)

One more equation is needed before we can solve a strain-gauge problem—an
equation that relates stress and the resulting strain in an object. Stress is the force per
cross-sectional area; for example, if a table leg has a cross-sectional area of 2 in? and
is supporting a load of 100 Ib, then the stress is 50 Ib/in®. Strain is the amount of length
(per unit length) that the object stretches as a result of being subjected to a stress; for



SENSORS 257

example, if an object 10 in. long stretches 1 in., then each inch of the object stretched
0.1 in., and so the strain would be 0.1 in./in. Stress and strain are related by a constant
called Young’s modulus (also called modulus of elasticity), as shown in Equation 6.9.
Young’s modulus (F) is a measure of how stiff a material is and could be thought of as
a kind of spring constant:

g=P (6.9)
€
where

E =Young’s modulus (a constant for each material)
p = stress (force per cross-sectional area)
€ = strain (elongation per unit length)

Table 6.2 gives some values of E for common materials.

EXAMPLE 6.12

A strain gauge and bridge circuit are used to measure the tension force in a
steel bar (Figure 6.36). The steel bar has a cross-sectional area of 2 in%. The
strain gauge has a nominal resistance of 120 € and a GF of 2. The bridge is
supplied with 10 V. When the bar is unloaded, the bridge is balanced so the
output is 0 V. Then force is applied to the bar, and the bridge voltage goes to
0.0005 V. Find the force on the bar.

SOLUTION

First, use Equation 6.7 to calculate the change in strain-gauge resistance due
to the applied force:

4RAV: 4 x 120 Q x 0.0005 V

AR = =0.024 Q

Vg 10V
TABLE 6.2
Young’s Modulus (E) for Common Materials
Substance Ib/in N/cm?
Steel 30 x 108 2.07 x 107
Copper 15 x 108 1.07 x 107
Aluminum 10 x 108 6.9 x 108
Rock 7.3x108 5.0 x 108

Hard wood 1.5x 108 1.0x 108
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Figure 6.36
Strain-gauge measur-
ing tension in steel bar
(Example 6.12).

Next, use Equation 6.8 to calculate the elongation (strain) of the strain gauge
(how much it was stretched):

- AR/R  0.024/120
= Gp -
Finally, use Equation 6.9

=(0.0001 in./in.

E="
€

to calculate the force on the bar. This will require looking up the value of
Young’s modulus. From Table 6.2, we find it to be 30,000,000 Ib/in? for steel.
Rearranging Equation 6.9 gives

p = Ee = 30,000,000 1b/in? x 0.0001 in./in. = 3000 1b/in?

This result tells us that the tension force on the steel bar is 3000 1b/in2, and
because this bar has a cross-sectional area of 2 in?, the total tension force in
the bar is 6000 Ib.

EXAMPLE 6.12 (Repeated with SI Units)

A strain gauge and bridge circuit are used to measure the tension force in a
bar of steel that has a cross-sectional area of 13 cm?. The strain gauge has a
nominal resistance of 120 Q and a GF of 2. The bridge is supplied with 10 V.

2-in.2 cross-sectional area

~_ ] o
120 @
V,, = 0.0005 V
g 120 @
[ X

S~ b—1ov—d

l

6000 Ib
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When the bar is unloaded, the bridge is balanced so the output is 0 V. Then
force is applied to the bar, and the bridge voltage goes to 0.0005 V. Find the
force on the bar.

SOLUTION
First, calculate the change in strain-gauge resistance due to the applied force:

4RAV _ 4x120 Q x0.0005 V

2 10V

Next, calculate the elongation (strain) of the strain gauge:
. AR/R  0.024/120
GF

Finally, use Equation 6.9

AR = =0.024 Q

=(0.0001 cm/cm

E==
€
to calculate the force on the bar. This will require looking up the value of
Young’s modulus. From Table 6.2, we find it to be 2.07 x 107 N/cm for steel.
Rearranging Equation 6.9 gives

p = Ee = 20,700,000 N/cm? X 0.0001 cm/cm = 2070 N/cm?

This result tells us that the tension force on the steel bar is 2070 N/cm?2, and
because this bar has a cross-sectional area of 13 cm?, the total tension force in
the bar is 26,910 N.

Strain-gauge force transducers (called load cells) are available as self-contained units
that can be mounted anywhere in the system. A load cell may contain two strain gauges
(active and compensating) and a bridge [Figure 6.35]. A typical application for load cells
is monitoring the weight of a tank. The tank would be sitting on three or four load cells, so
the weight of the tank is the sum of the outputs of the load cells [see Figure 6.60(c)].

Semiconductor Force Sensors

Another type of force sensor uses the piezoresistive effect of silicon. These units change
resistance when force is applied and are 25-100 times more sensitive than the bonded-
wire strain gauge. A semiconductor strain gauge is a single strip of silicon material that
is bonded to the structure. When the structure stretches, the silicon is elongated, and the
resistance from end to end increases (however, the resistance change is nonlinear).
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Figure 6.37

A tactile force sensor
using a spring-loaded
linear pot.

Low-Force Sensors

Some applications call for low-force sensors. For example, imagine the sensitivity
required for a robot gripper to hold a water glass without slipping and without crush-
ing it. Strain gauges can measure low forces if they are mounted on an elastic substrate,
like rubber—then a small force will cause a significant deflection and resistance change.
Another solution would be to construct a low-force sensor with a spring and a linear-
motion potentiometer (Figure 6.37). The spring compresses a distance proportional to
the applied force, and this distance is measured with the pot.

EXAMPLE 6.13

Construct a force sensor with the following characteristics;
Range: 0-30 1b
Deformation: 0.5 in. (maximum)
Output: 0.1 V/1b

A 1 kQ linear motion pot is available with a 1-in. stroke.

SOLUTION

Using the concept of Figure 6.37, we first need to specify the spring. The spec-
ifications call for a spring that deforms 0.5 in. with 30 Ib of force. Thus,

K (spring constant) = 301 = 60 Ib/in.
0.5 in.
Knowing we need a spring with a K of 60 Ib/in., we could go to a spring cat-
alog and select one.
The desired sensitivity of 0.1 V/Ib dictates that the maximum output volt-
age will be 3 V when the force is 30 1b: voltage at maximum load =30 1b x 0.1
V/ib=3V.

Linear motion pot

\ (o] 4= Force
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Figure 6.38 Spring  K=60 Ib/in.
A tactile sensor setup

(Example 6.13). ’_' Vout /
o-sv__WMUNIL]
o] [ =

0.5 in.=— Stroke

L— 1 in.—>‘ —

Finally, we must determine the supply voltage across the pot. The pot
should output 3 V when it is moved 0.5 in. (one-half of its stroke). A ratio can
be used to find the pot supply voltage for 1 in. of stroke:

3v. X
0.5in. 1in.
X=6V

Therefore, the supply voltage should be 6 V. Figure 6.38 shows the final
setup.

A very low-force tactile sensor can be made using conductive foam. This is the
principle used in membrane keypads illustrated in Figure 6.39. The conductive foam is
a soft foam rubber saturated with very small carbon particles. When the foam is
squeezed, the carbon particles are pushed together, and the resistance of the material
falls. Therefore, in some fashion, resistance is proportional to force. At present this con-
cept has found limited application in such things as calculator keypads; because of its
simplicity and low cost, however, it is a viable option for other applications such as
robot tactile sensors.

Finally, a very simple tactile sensor can be made with two or more limit switches
mounted side-by-side with spring actuators that are set to switch at different pressures.

Figure 6.39 Membrane
Conductive-foam

tactile sensor. Carbon

granules

O
<—— Low R —>|

(a) Unactivated state (b) Activated state
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As the pressure increases, the first switch closes, then with more pressure the next
switch closes, and so on.

6.5 PRESSURE SENSORS

Pressure is defined as the force per unit area that one material exerts on another. For
example, consider a 10-1b cube resting on a table. If the area of each face of the cube
is 4 in, then 10 Ib is distributed over an area of 4 in?, so the cube exerts a pressure on
the table of 2.5 1b/in? (10 1b/4 in? = 2.5 Ib/in?, or 2.5 psi). In SI units, pressure is meas-
ured in Newtons per square meter (N/m?), which is called a Pascal (Pa). For a liquid,
pressure is exerted on the side walls of the container as well as the bottom.

Pressure sensors usually consist of two parts: The first converts pressure to a force
or displacement, and the second converts the force or displacement to an electrical sig-
nal. Pressure measurements are made only for gases and liquids. The simplest pressure
measurement yields a gauge pressure, which is the difference between the measured
pressure and ambient pressure. At sea level, ambient pressure is equal to atmospheric
pressure and is assumed to be 14.7 psi, or 101.3 kiloPascals (kPa). A slightly more com-
plicated sensor can measure differential pressure, the difference in pressure between
two places where neither pressure is necessarily atmospheric. A third type of pressure
sensor measures absolute pressure, which is measured with a differential pressure sen-
sor where one side is referenced at O psi (close to a total vacuum).

Bourdon Tubes

A Bourdon tube is a short bent tube, closed at one end. When the tube is pressurized,
it tends to straighten out. This motion is proportional to the applied pressure. Figure
6.40 shows some Bourdon-tube configurations. Notice that the displacement can be
either linear or angular. A position sensor such as a pot or LVDT can convert the dis-
placement into an electrical signal. Bourdon-tube sensors are available in pressure
ranges from 30 to 100,000 psi. Typical uses include steam- and water-pressure gauges.

Bellows

This sensor uses a small metal bellows to convert pressure into linear motion [Figure
6.41(a)]. As the pressure inside increases, the bellows expand against the resistance of
a spring (the spring is often the bellows itself). This motion is detected with a position
sensor such as a pot. Figure 6.41(b) illustrates a differential pressure sensor, which can
be made by enclosing the bellows in a canister. Here, the pressure from outside the bel-
lows (pressure 2) tends to make the bellows compress, whereas pressure 1 tends to make
the bellows expand. The position of the shaft is a function of the difference in pressure
inside and outside the bellows. Bellows are capable of more sensitivity than the Bourdon
tube in the lower-pressure range of 0-30 psi.
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Figure 6.40

Bourdon-tube sensors.

Figure 6.41
Bellows pressure
Sensors.

High-pressure profile

No-pressure
profile

-@-’@@
Pressure

LvDT

t Pressure

(a) "Unbend* type (b) "Untwist” type

Semiconductor Pressure Sensors

Some commercially available pressure sensors use the piezoresistive property of sili-
con (Figure 6.42). The piezoresistive element converts pressure directly into resistance,
and resistance can be converted into voltage. These sensors have the advantage of “no
moving parts” and are available in pressure ranges from 0-1.5 psi to 0-5000 psi. An
example of a commercial semiconductor pressure sensor is the ST2000 series from Sen
Sym Inc. (Figure 6.43). This unit can be used with fluids or gases, has an internal ampli-
fier, and outputs a voltage that is directly proportional to absolute pressure.

Indicator M

O Shaft\

‘ Pressure 1
L |
t Pressure t Pressure 2

(a) Single-pressure type (b) Differential-pressure type
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Figure 6.42 / Vacuum

A semiconductor

pressure sensor. =
Piezoresistive element
/ / Pressure

Figure 6.43

The ST2000 semi-
conductor pressure
sensor. (Courtesy of
SenSym Inc.)
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Figure 6.44

A bimetallic thermal
sensor controlling

a mercury switch

(shown in “cold” state).

6.6 TEMPERATURE SENSORS

Temperature sensors give an output proportional to temperature. Most temperature sen-
sors have a positive temperature coefficient (desirable), which means that the sensor out-
put goes up as the temperature goes up, but some sensors have a negative temperature
coefficient, which means that the output goes down as the temperature goes up. Many
control systems require temperature sensors, if only to know how much to compensate
other sensors that are temperature-dependent. Some common types are discussed next.

Bimetallic Temperature Sensors

The bimetallic temperature sensor consists of a bimetallic strip wound into a spiral
(Figure 6.44). The bimetallic strip is a laminate of two metals with different coefficients
of thermal expansion. As the temperature rises, the metal on the inside expands more than
the metal on the outside, and the spiral tends to straighten out. These sensors are typically
used for on-off control as in a household thermostat where a mercury switch is rocked
from on to off. In Figure 6.44, when the temperature increases, the tube containing lig-
uid mercury rotates clockwise. When the tube rotates past the horizontal, the mercury
runs down to the right and completes the electrical connection between the electrodes.
One distinct advantage of this system is that the output from the switch can be used
directly without further signal conditioning. Currently, mercury switches are being phased
out because of environmental reasons, but contact-type switches are taking their place.

Thermocouples

The thermocouple was developed over 100 years ago and still enjoys wide use, par-
ticularly in high-temperature situations. The thermocouple is based on the Seebeck

= =

Metal A
(expands more than
B with temperature)

4 / _///// \

Metal B Glob of mercury Mercury switch
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Figure 6.45
A Thermocouple circuit
(iron—constantan type).

effect, a phenomenon whereby a voltage that is proportional to temperature can be pro-
duced from a circuit consisting of two dissimilar metal wires. For example, a thermo-
couple made from iron and constantan (an alloy) generates a voltage of approximately
35 uV/°F. Figure 6.45(a) illustrates this situation. We can think of the junctions at each
end of the dissimilar metal wires as producing a voltage, so the net voltage (V) is actu-
ally the difference between the junction voltages. One junction is on the probe and is
called the hot junction. The other junction is kept at some known reference tempera-
ture and is called the cold junction, or reference junction. The output voltage from this
system can be expressed as follows:

Vhot - Vcold (6 10)

net —

In practice, the thermocouple wires must connect to copper wires at some point as
shown in Figure 6.45(b), so there are really three junctions. However, it turns out that the
total voltage from the two copper junctions will be the same as the single cold-junction
voltage (V) of Figure 6.45(a) (assuming the copper junctions are at the same tem-
perature), so the analysis is unchanged.

Traditionally, the cold junction was kept at 32°F in an ice-water bath, which is
water with ice in it. Ice water was used because it is one way to produce a known tem-
perature, and so V_,, becomes a constant in Equation 6.10, leaving a direct relation-
ship between V__ and V, :

Constantan wire v Constantan wire
n

A S

+ +
Vhot Vcold

(constant reference
temperature)

/7

Iron wire

(a) Basic principle

Constantan wire Cold junctions

/ /(on isothermal block)
r===i

O,
\ > Vnet
7 N °

Iron wire B et Copper

(b) Thermocouple connected to copper wires
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Figure 6.46

A diode being used
to compensate for
cold-junction voltage.

V

hot = Vet T CONStant (6.10a)

[——
V.14 at 32°F
or some other

reference temperature

Modern systems eliminate the need for ice water. One method is to maintain the
cold junction at constant temperature with a control system. This can be useful if there
are many thermocouples in a system—they can all be referenced to the same tempera-
ture. Another method (used by a computer controller) is to simply look up in a table the
value of V_,, for the ambient temperature and add this value to V,_ to yield V, .

Still another way to eliminate the ice-water bath is to use a temperature-sensitive
diode (in an interface circuit) that makes the thermocouple output behave as if the cold
junction were still at freezing, even though it’s not. Figure 6.46 shows such a circuit for
an iron-constantan thermocouple. The cold junctions are maintained at the same temper-
ature as the diode by mounting them all on an isothermal block. As the ambient temper-
ature increases, the diode forward-voltage drop (about 0.6 V) decreases at a rate of about
1.1 mV/°F. This voltage is scaled down (with R, and R,) to 28 uV/°F, which is the same
rate that the real cold-junction voltage increases with ambient temperature. By sub-
tracting (with the op-amp) the effect of the ambient temperature changes on the cold junc-
tion, we get a single thermocouple voltage that is directly proportional to temperature.

Commercial thermocouples are available with different temperature ranges and
sensitivities (sensitivity being a measure of volts/degree). Figure 6.47 shows the volts
versus temperature curves of the major classes of thermocouples. As you can see, type J
(iron-constantan) has the highest sensitivity but the lowest temperature range, type K
(chromel-alumel) has a higher temperature range but a lower sensitivity, and type R
(platinum-rhodium) has an even lower sensitivity but can work at higher temperatures.
Tables are available that give the precise thermocouple voltage-temperature relation-
ship (for both °F and °C). See Appendix A for tables of type-J thermocouples.

Vs
Ry
Diode — R 2kQ MWV
compensates | ¥
for ambient
temperature —0 Vo

“Hot" junction
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Figure 6.47
Thermocouple outputs
for different wire types
(referenced at 32°F).

J
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40
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Thermocouples are simple and rugged but require extra electronics to deal with the

inherent low-sensitivity and cold-junction problems. However, because they are linear
(over a limited range), reliable, and stable, they enjoy wide use in measuring high tem-
peratures in furnaces and ovens.

EXAMPLE 6.14

An oven is supposed to be maintained at 1000°F by a control system, but you
suspect that the temperature is much cooler. You have at your disposal a type-
J thermocouple and a voltmeter. How would you use this equipment to check
the oven temperature?

SOLUTION

First, put the thermocouple in the oven and connect the thermocouple leads to
the voltmeter (Figure 6.48). Try to make the cold-junction connections to the
meter probes be at ambient temperature, which is about 90°F (as reported by
a thermometer on the wall).

The voltmeter reads about 17 mV, which is V__ in Equation 6.10: V_ =
Viot = Veorr- The graph of Figure 6.47 (for type J) is based on the cold junction
being at freezing (32°F), which it certainly is not in this case. From the graph,
we can see that the 90°F would create about 2.0 mV by itself. You can see
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Figure 6.48 17 mV
Measuring oven Voltmeter

temperature with Oven |_

a thermocouple

(Example 6.14). '

90°F

from Equation 6.10 that if V_, increases, it will reduce V_, so if we are going
to use the graph of Figure 6.47, we must compensate by increasing our read-
ing of 17 mV to 19 mV.

Now using the graph of Figure 6.47 for 19 mV, we read the temperature
is 660°. This temperature is much lower than the desired 1000°F, so clearly
there is something wrong with the temperature-control system.

Resistance Temperature Detectors

The resistance temperature detector (RTD) is a temperature sensor based on the fact
that metals increase in resistance as temperature rises. Figure 6.49 shows a typical RTD.
A wire, such as platinum, is wrapped around a ceramic or glass rod (sometimes the wire
coil is supported between two ceramic rods). Platinum wire has a temperature coeffi-
cient of 0.0039 Q/Q/°C, which means that the resistance goes up 0.0039 Q for each
ohm of wire for each Celsius degree of temperature rise. RTDs are available in differ-
ent resistances, a common value being 100 €. Thus, a 100-Q platinum RTD has a resist-
ance of 100 € at 0°C, and it has a positive temperature coefficient of 0.39 Q/°C.

Figure 6.49
A resistance temperature
detector (RTD). ( ‘\

Coil of wire
inside case
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EXAMPLE 6.15

A 100-Q platinum RTD is being used in a system. The present resistance read-
ing is 110 Q. Find the temperature.

SOLUTION

A reading of 110 Q means that the resistance has gone up 10 Q from what it
would be at 0°C. Therefore, knowing the temperature coefficient of RTD to
be 0.39 Q/°C, we can calculate the current temperature:

o

10 Q x = =25.6°C
0.39 Q

RTDs have the advantage of being very accurate and stable (characteristics do not
change over time). The disadvantages are low sensitivity (small change in resistance
per degree), relatively slow response time to temperature changes, and high cost.

Thermistors

A thermistor is a two-terminal device that changes resistance with temperature.
Thermistors are made of oxide-based semiconductor materials and come in a variety of
sizes and shapes. Thermistors are nonlinear; therefore, they are not usually used to get
an accurate temperature reading but to indicate temperature changes, for example,
overheating. Also, most thermistors have a negative temperature coefficient, which
means the resistance decreases as temperature increases, as illustrated with the solid
line in the graph of Figure 6.50(a). A very desirable feature of these devices is their
high sensitivity. A relatively small change in temperature can produce a large change
in resistance.

Figure 6.50(b) shows a simple thermistor interface circuit. By placing the ther-
mistor in the top of a voltage divider, the resulting output voltage is relatively linear
and has a positive slope [shown as a dashed line in Figure 6.50(a)]. The resistor (R)
value selected should be close to the nominal value of the thermistor.

Thermistors come in a wide range of resistances, from a few ohms to 1 MQ,
selection of which depends on the temperature range of interest. Higher-resistance
models are used for higher temperatures, to increase the sensitivity, and to keep the
sensor from drawing too much current. Consider, for example, what would happen if
we used the thermistor of Figure 6.50 in the temperature range of 150-200°F; the
sensitivity is only 0.1 €/°F, and the nominal resistance is very low (15-20 Q). If we
were to operate the same thermistor in the 50-100°F temperature range, the sensi-
tivity is much higher (2.6 ©/°F), and the nominal resistance is higher (between 50
and 180 Q).
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Figure 6.50

A thermistor.
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(a) Thermistor temperature vs. resistance curve (b) Interface circuit

Integrated-Circuit Temperature Sensors

Integrated-circuit temperature sensors come in various configurations. A common
example is the LM34 and LM35 series. The LM34 produces an output voltage that
is proportional to Fahrenheit temperature, and the LM35 produces an output that is
proportional to Celsius temperature. Figure 6.51 gives the specification (spec) sheet
for the LM35. Notice that it has three active terminals: supply voltage (V), ground,
and V

out”

The output voltage of the LM35 is directly proportional to °C, that is,
Vo =10mV/°C

This equation states that for each 1° increase in temperature, the output voltage increases
by 10 mV. If only positive temperatures need to be measured, then the simple circuit
shown in the spec sheet (bottom middle of Figure 6.51) can be used. If positive and
negative temperatures must be measured, then the circuit on the bottom right can be
used, which requires a positive- and negative-supply voltage.
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Figure 6.51

The LM35 tempera-
ture sensor
(Courtesy of
National
Semiconductor).

Semiconductor

@National

LM35/LM35A/LM35C/LM35CA/LM35D
Precision Centigrade Temperature Sensors

General Description

The LM35 series are precision integrated-circuit tempera-
ture sensors, whose output voltage is linearly proportional to
the Celsius (Centigrade) temperature. The LM35 thus has
an advantage over linear temperature sensors calibrated in°
Kelvin, as the user is not required to subtract a large con-
stant voitage from its output to obtain convenient Centi-
grade scaling. The LM35 does not require any extemal cali-
bration or trimming to provide typical accuracies of +,°C
at room temperature and + 3/,°C over a full —55 to +150°C
temperature range. Low cost is assured by trimming and
calibration at the wafer level. The LM35's low output imped-
ance, linear output, and precise inherent calibration make
interfacing to readout or control circuitry especially easy. it
can be used with single power supplies, or with plus and
minus supplies. As it draws only 60 p.A from its supply, it has
very low self-heating, less than 0.1°C in still air. The LM35 Is
rated to operate over a —55° to +150°C temperature
range, while the LM35C is rated for a —40° to +110°C
range (—10° with improved accuracy). The LM35 series is

available packaged in hermetic TO-48 transistor packages,
while the LM35C, LM35CA, and LM35D are also available in
the plastic TO-82 transistor package. The LM350D is also
available in an 8-lead surface mount small outline package
and a plastic TO-202 package.

Features

| Calibrated directly in ° Celsius (Centigrade)
=B Linear + 10.0 mV/°C scale factor

B 0.5°C accuracy guaranteeable (at + 25°C)
8 Rated for full ~55° to +150°C range

| Suitable for remote applications

| Low cost due to wafer-level trimming

8 Operates from 4 to 30 volts

@ Less than 80 pA current drain

® Low seif-heating, 0.08°C in still air

& Nonlinearity only 1 1°C typical

& Low impedance output, 0.1 €} for 1 mA load

Connection Diagrams

TO-4¢ TO-92 $0-8
Metal Can Package* Plastic Package Small Outiine Molded Package
2% Yom oW vw,-lvn—ovs
NG =2 7
NE.—3 sp=ne.
S0TTOM VIEW oND 44 slnc.
TUH/6618-2
TL/H/5816-1 TL/H/6516-21
*Case is connected to negativa pin (GND) Order Number LM35CZ, Top View
LM33CAZ or LM38D2 N.C. = No Connection
Order Number LM35H, LM3S5AH, See NS Package Number Z03A
LM35CH, LM35CAH or LM35DH Ordier Number LM35DM
Ses NS Package Number HO3H See NS Package Number MOBA
TO-202
Plastic Pack Typical Applications
+% %
0o - T ) |
Lu3s Vour
ouTRT
B g+ 10.0mb/°C
w T "
3509 T 2
= TLIH/S518-3 -
FIQURE 1. Basic Contigrade TURIseIS-4
Tem Choose Ry = —Vg/50 uA
Sensor (+2'C to + 150°C)
Vouyr= +1,500 mV at +150°C
+¥s v GND = +250 mV at +25°C
ouT TL/H/! - 550 mV at —55°C
H/5818-24 FIGURE 2, Full-Ra Cen d
Order Number LM35DP T.mp‘:nm,:’;.m:”" °

See NS Package Number PO3A
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Figure 6.52

An IC temperature
sensor circuit
(Example 6.16).

EXAMPLE 6.16

Construct a temperature sensor using the LM35 that has the following
specifications:

Range: 5-100°C
Supply voltage: 5V
Output: 0.1 V/°C

SOLUTION

The range requirement is no problem because the LM35 has an operating
range of —55° to 150°C. The task comes down to specifying the circuit and
amplifying the output to meet the specifications.

Because the temperature range is positive, we can use the simple circuit
designated as “Figure 1” in the spec sheet (Figure 6.51), using 5 V for the sup-
ply voltage.

The specifications also call for 0.1 V = 1°C, which is ten times greater
than the LM35 output. This requirement can be met with the op-amp illus-
trated in Figure 6.52. (Op-amps are discussed in Chapter 3.) The gain of the
amplifier can be set to 10 by proper selection of resistors:

R 90 kQ
Gain=A=—L+1=—-+1=10
R 10 kQ

The LLM35 is a convenient IC to work with because the output voltage is in degrees
Celsius. Some ICs, such as the LM 135, provide an output that is in degrees kelvin. One
degree of kelvin or Celsius represents the same interval of temperature, but the Kelvin
scale starts at absolute zero temperature, which is 273°C below freezing. There is also
an absolute zero temperature scale for Fahrenheit degrees, called the Rankine scale.
These four temperature scales are compared in Figure 6.53.

Another device, the AD7414 (Analog Devices), is a complete digital temperature-
monitoring system. In a small, 6-pin IC, it has a temperature sensor, a 10-bit ADC, and
a serial interface. It can also be programmed with high and low temperature limits; one
of the output pins indicates when a programmed limit is exceeded.

90K
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| 10K
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Figure 6.53
Comparison of
Rankine, Fahrenheit,
Kelvin, and Celsius
temperature scales.

Rankine Fahrenheit Kelvin Celsius
(°R) (°F) (°K) (°C)
672 - 212 - 373 - 100 { Boiling
492 32 273 0 1 Freezing
0 - -460 - 0 - —-273 - Absolute zero

Still another device, the TMPO1 (made by Analog Devices), was designed specif-
ically to be a single-chip thermostat. Three external resistors establish the upper and
lower set points. The TMPO1 outputs can directly drive relays to turn either heating or
cooling on as needed.

6.7 FLOW SENSORS

Flow sensors measure the quantity of fluid material passing by a point in a certain time.
Usually, the material is a gas or a liquid and is flowing in a pipe or open channel. The
flowing of solid material, such as gravel traveling on a conveyer belt, will not be con-
sidered here. Flow transducers come in several types—those that use differential pres-
sure, those where the flow spins a mechanical device, and a smaller class of sensors
that use more sophisticated technologies.

Pressure-Based Flow Sensors

This group of flow sensors is based on the fact that pressure in a moving fluid is pro-
portional to the flow. The pressure is detected with a pressure sensor; based on the phys-
ical dimensions of the system, the flow can be calculated. The simplest flow sensor is
called the orifice plate (Figure 6.54), and is simply a restriction in the pipe that causes
a pressure drop in the flow, much like a resistor that causes a drop in voltage in a cir-
cuit. This sensor requires two pressure ports, one upstream and one downstream of the
restriction. The flow is proportional to the pressure difference between these ports and

is calculated as follows:
2
Q:CA,/Eg(PZ—Pl) 6.11)
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Figure 6.54 P, P,
An orifice plate. I I I I A, : Area of hole
i
—_—
- >
il .
A, : Area of pipe
cross section
where
Q = flow (in®)

C = coefficient of discharge (approximately 0.63 for water if the orifice

hole is at least half the pipe size)

A = area of the orifice hole (in?)
d = weight density of the fluid (Ib/in?)
P, — P, = pressure difference (psi)

1
g = gravity (384 in./s?)

The flow equation (6.11) is an approximation because, in addition to the pressure drop,
the actual flow is dependent on velocity effects, the area ratio A,/A,, and the surface
condition of the pipes. To get the correct constant (C in Equation 6.11) for a particular

application, the flow sensor would have to be calibrated.

EXAMPLE 6.17

A flowmeter for water is made from a 3-in. ID (inside diameter) pipe. The ori-
fice plate has a 2-in. opening. What is the flow if the pressure drop across the

orifice plate is 0.2 psi?

SOLUTION

We will use Equation 6.11 to solve this problem, but we first need to figure

out the values of the various terms:

C =0.63 (we can start with this value because 2 in. is more than half

of 3 in.)
A =mr?=3.14%x(1)2=3.14in>  (area of hole)
g =32 ft/s’> =384 in./s? (gravity is a constant)

P,—P, =0.2psi (agiven)
d =64.41b/ft’ = 0.037 1b/in? (weight density of water)

Now we can put these terms into Equation 6.11 and solve it:

2g
0 =CA, /;(P2 -P)
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Figure 6.55

A venturi flow sensor.

Figure 6.56
A pitot tube.

P2 P1

>>><

Lower pressure

2(384in.) in® (0.2 1b)
s2 0.0371b in?

Therefore, 127 in¥/s of water flow in the pipe. To make this a more accurate

flowmeter, we would have to measure the flow with some other reliable

flowmeter and then adjust C in the flow equation to make the readings con-
sistent with what we know them to be.

=127 in%/s

=(0.63)(3.14 in?) \/

Another pressure-based flow sensor uses the venturi to create the pressure differ-
ence, as illustrated in Figure 6.55. A venturi is a gradual restriction in the pipe that
causes the fluid velocity to increase in the restricted area. This area of higher velocity
has a lower pressure. The flow is proportional to the difference in pressure between
P, and P,. The venturi flow sensor tends to keep the flow more laminar (smooth), but
both the orifice plate and the venturi cause pressure drops in the pipe, which may be
objectionable.

A pressure-based flow sensor that causes minimum restriction is the pitot tube. The
pitot tube is a small open tube that faces into the flow (Figure 6.56). The probe actu-
ally consists of two tubes: One faces into the flow and reports the impact pressure
(often called the velocity head), and one opens perpendicularly to the flow and reports
the static pressure. The impact pressure is always greater than the static pressure, and

_— R —
E——
—WAV>,
E——
_—
Impact pressure MStatic pressure

(velocity head)
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Figure 6.57
A turbine flow sensor.

Figure 6.58

A magnetic flowmeter.

Hall-effect

sensor
\

{
- ?\Magnelt
ZS —

—_—

the difference between these two pressures is proportional to velocity and hence to flow.
Common uses for the pitot tube are for aircraft and marine speed indicators.

Turbine Flow Sensors

Turbine, or spin-type, flow sensors (also called flowmeters), employ a paddle wheel
or propeller placed in the line of flow. The rotational velocity of the wheel is directly
proportional to flow velocity. Figure 6.57 gives an illustration of this type of flow sen-
sor. A small magnet is attached to one of the blades, and a Hall-effect sensor is mounted
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in the housing. The Hall sensor gives a pulse for each revolution of the blades. The fact
that the bearings are in the flow medium may eliminate this type of sensor for some
applications, especially high-temperature or abrasive-type fluids.

Magnetic Flowmeters

If a liquid is even slightly conductive (and many are), a magnetic flowmeter can be used.
Shown in Figure 6.58, the magnetic flowmeter has no moving parts and presents no
obstruction to the flow. A nonconducting section of pipe is placed in a magnetic field.
The moving fluid in the pipe is like the moving conductor in a generator—it produces
a voltage. The voltage, which is proportional to the fluid velocity, is detected from elec-
trodes placed in the sides of the pipe.

6.8 LIQUID-LEVEL SENSORS

Liquid-level sensors, which measure the height of a liquid in a container, have two clas-
sifications: discrete and continuous. Discrete-level detectors can only detect whether
the liquid is at a certain level. The continuous-level detector provides an analog signal
that is proportional to the liquid level.

Discrete-Level Detectors

Discrete-level detectors determine when a liquid has reached a certain level. An appli-
cation of this type would be determining when to stop the fill cycle of a washing
machine. The simplest type of level detector uses a float and a limit switch. There are
many possible configurations of a float-based level detector—one is illustrated in Figure
6.59(a). In this case, the float is attached to a vertical rod. At a certain liquid level, the
cam, which is attached to the rod, activates the limit switch. The activation level can be
adjusted by relocating either the cam or the switch.

Another type of level detector is based on a photocell [Figure 6.59(b)]. When the
liquid level submerges the light path, the photodetector signal changes, thus indicating
the presence of the liquid.

Many liquids—such as tap water, weak acids, beer, and coffee (to name a few)—
are slightly conductive, which offers another means of detection. As illustrated in Figure
6.59(c), an electric probe is suspended over the liquid. When the liquid reaches the
probe, the resistance in the circuit abruptly decreases. A common use of this sensor is as
an automotive low-coolant sensor.

Continuous-Level Detectors

Continuous-level detectors provide a signal that is proportional to the liquid level.
There are a number of ways in which this can be done. One of the most direct methods
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Figure 6.59
Discrete liquid-level
detectors.

Limit switch
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(a) Float and switch (b) Photosensor (c) Resistance probe

(used in the gas tank of your car) is a float connected to a position sensor. Figure 6.60(a)
illustrates one implementation of this method.

Another way to measure liquid level is to measure the pressure at the bottom of the
container [Figure 6.60(b)]. This method is based on the fact that the pressure at the bot-
tom of the tank (called the head) is directly proportional to the level, as expressed in
Equation 6.12:

Pressure = P = dH (6.12)

where

P = gauge pressure at the bottom (head)

d = weight density (liquid weight per unit volume)
H = height of liquid in the tank

EXAMPLE 6.18

Calculate what the pressure (head) would be at the bottom of a 10-ft deep-
water tank.

SOLUTION

To use Equation 6.12, we need to know the weight density of the fluid (which
can usually be found in a data book). The density for water is about 64 1b/ft>:

P = dH = 64 1b/ft* x 10 ft = 640 1b/ft>
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Figure 6.60
Continuous-level
detection methods.

Float

O Weight Pressure
T sensor

Head /

(a) Float and pot (b) Sensing pressure head
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Load sensors
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(c) Weighing tank (d) Electrodes measure (e) Ultrasonic ranging
RorC

We may want to convert this result to psi (Ib/in?):

2

1 ft
640 1b/ft% x — =444 1b/in2
144 in?

Recall that 4.44 psi is the gauge pressure, which means the pressure at the bot-
tom of the tank is 4.44 psi more than it is at the surface. The absolute pressure
at the bottom would be

4.44 psi + 14.7 psi = 19.1 psi

Gauge Ambient  Absolute
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EXAMPLE 6.18 (Repeated with ST Units)
Calculate what the pressure (head) would be at the bottom of a 3-m deep-water
tank.

SOLUTION

To use Equation 6.12, we need to know the weight density of the fluid (which
can usually be found in a data book). The weight density for water is 9800 N/m>:

9800 N

m

P=dH= X 3 m = 29,400 N/m? = 29,400 Pa

The gauge pressure at the bottom of the tank is 29,400 Pa.

Monitoring the weight of the liquid with load cells is another technique that can
determine liquid level [Figure 6.60(c)]. The level can then be calculated knowing the
diameter and weight of the tank (empty) and the density of the fluid. Note that the total
weight of the tank is the sum of the weights reported by the three load cells.

Some devices can detect the liquid level directly. The device shown in Figure
6.60(d) is simply two vertical electrodes mounted inside the tank. The output of the
device, which must be amplified or otherwise processed, is either resistance or capac-
itance and is proportional to the level. Figure 6.60(e) shows another direct level-sens-
ing system. This system uses an ultrasonic-range detector mounted over the tank. The
complete unit, which includes the transducer and electronics, can be purchased as a
module and is rather inexpensive.

6.9 VISION SENSORS

A vision sensor is a TV camera connected to a computer. Machine vision is being used
to perform inspections and to guide machine operations. For example, a system might
use machine vision to determine whether parts had been made or assembled properly, or
a vision system might be used to reject blemished oranges from a fruit-processing line.
Alternatively, a vision system might be used to provide guidance to a pick-and-place
robot for doing such things as unloading boxes from a pallet or inserting components
in a circuit board.

Vision systems require computing power to process thousands of pixels of infor-
mation continuously in order to arrive at a go/no-go decision about what is “seen” [see
Figure 6.61(a)]. In the past this could only be done with dedicated, expensive comput-
ing hardware. But two developments in PC technology have changed this situation. The
first is the new generation of fast and powerful microprocessors such as those using
Pentium with MMX technology. The second development is the adoption of the PCI
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Figure 6.61

Vision system concepts.

One pixe| |<— 640 pixels —>|
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(a) Aframe is one “still picture” and is typically made
up of 640 x 480 pixels

(b) Vision system components

expansion bus for PCs. PCI cards can communicate with the microprocessor at a much
higher data rate than the older ISA cards could. Thus, technology has evolved to the
point where relatively low-cost PCs have the power to process video information effec-
tively, making vision systems practical. Vision-guided systems are now performing
operations that before had to be done by hand or with very long and complicated but
inflexible multi-sensor systems.

The hardware for a vision system is shown in Figure 6.61(b) and consists of a elec-
tronic camera connected to a special video-processing PCI card (called a frame grab-
ber). The PCI card is plugged into a Pentium-based PC that is running special vision
recognition software. Usually the camera is rigidly mounted so that it is looking down
upon the area of interest. The visual information is passed from the camera to the frame
grabber card. The card converts the visual information into digital format, which is typ-
ically a 640- by 480-pixel frame [see Figure 6.61(a)]. Each pixel is represented by an
8-bit gray-scale number called the intensity, meaning that each pixel is assigned one of
255 shades between black and white. Then this entire frame is passed on the PC
(through the PC’s built-in PCI bus) up to 30 times a second. The PC is running soft-
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Figure 6.62
Machine vision using
edge detection.

ware that continuously analyzes the visual data the basis of some criterion and then
sends signals back to the work area either to reject a part that has “failed” inspection or
to direct a pick-and-place robot to move to a certain place to pick up a box.

There are a number of different approaches to processing the visual data; which
one used depends on the particular application. Probably the most common system is
based on edge detection. In edge detection, the computer attempts to define the edges
of the object. Figure 6. 62(a) shows the results of the edge detection process. The com-
puter scans the entire frame looking for edges—it detects them on the basis of changes
in the gray-scale intensity. An edge is where there is a sharp intensity discontinuity. It is
detected on the basis of three parameters: contrast, width, and steepness, as diagrammed
in Figure 6.62b. Contrast is the numeric difference in intensity between two adjacent
areas of the frame; steepness is how quickly the intensity changes between the areas; and
width is the minimum size of the uniform-intensity area on either side of the edge. The
actual edge is defined as the steepest place in the intensity curve. The threshold values of

Actual TV picture Edge detected image

Y ' A
(o3

Intensity

Distance

(b) Computer defines the edge on the basis of contrast,
width, and steepness
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Figure 6.63

Using a vision system
to inspect hexagon
castings.

contrast, steepness, and width that the computer uses to try to identify edges can be
tweaked to get the best performance in each particular application. Also, bright lighting
and contrasting backgrounds can be used to accentuate the edges as much as possible.

Once the outline of an object is created within the computer, the dimensions can
be checked on the visual image to determine whether the part is acceptable. For exam-
ple, Figure 6.63 shows a system which inspects raw castings for completeness. Each
hexagon shaped casting can be checked with three measurements. Also notice that the
hexagons don’t have to be in the same orientation on the assembly line. The software
can be written to make the measurements with the casting in any orientation.

Another use of vision systems is to guide pick-and-place robots. For this task, the
vision system tells the robot where the part is, and in what orientation, so that the robot
can grab it. For example, consider the case where a robot needs to pick up the wrench
in Figure 6.62(a) and put it in a box. Once the computer has generated the image on the
basis of edge detection, it can process the shape mathematically to arrive at the centroid
(middle) and the long axis. Using this information, the robot gripper can position itself
over the wrench to pick it up.

Actual TV picture Edge-detected image

»

(a) Computer locates six points and makes three dimension checks; the part is okay

N

(b) One dimension check fails; the part is rejected
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Still another technique is called pattern recognition. Pattern recognition is used
when an object needs to be identified. For example, in a system being used to sort parts
into different bins, the computer maintains a library of the expected part shapes and,
by using various “best-fit” algorithms, attempts to find the best match for each partic-
ular image shape. In another application, the job of the computer might be to scan the
entire visual frame looking for a particular shape, such as a hole pattern, in order to
guide a robot to mount a component.

SUMMARY

Sensors, also called transducers, are devices that sense physical parameters such as posi-
tion, temperature, or pressure. In most cases, the sensor outputs an analog voltage (or
digital value) that is proportional to the parameter being measured.

Position sensors measure the physical position of an object. Potentiometers (vari-
able resistors) measure angular position and give an analog output. The optical encoder,
another type of position sensor, uses a slotted disk and a photo sensor. The output of
the optical encoder is in digital form. Linear motion can be detected with a linear-
motion potentiometer or a linear variable differential transformer (LVDT). The LVDT
uses a movable slug inside a special transformer. The phase and magnitude of the AC
output can be processed to provide position information.

Position sensors can determine velocity by processing the data from two sequen-
tial position samples. The more direct method to measure velocity is to use a tachome-
ter. A DC tachometer is actually a small generator that gives a DC voltage proportional
to velocity. Optical tachometers give a pulse for each revolution of a shaft.

Proximity sensors sense whether an object has arrived at a certain place. The sim-
plest way to do this is with a mechanical limit switch. Other methods would include
using a photo sensor or a Hall-effect switch. The Hall-effect switch gives an output if
a magnet is brought near a specially configured semiconductor.

Load sensors can determine force by measuring the small deformation that the force
causes. The traditional method for measuring large forces is with a bonded-wire strain
gauge. This device incorporates a pattern of thin wires. When stretched, the resistance
of the wires change. Another method for measuring force uses the piezoresistive effect
of semiconductors—that is, the resistance changes when the material is compressed.

Pressure sensors measure the pressure of liquids and gases. One class of pressure sen-
sors, such as a bellows, uses the pressure to cause mechanical motion. Semiconductor
pressure sensors convert pressure directly into electrical resistance.

A wide variety of temperature sensors are in use. Simple bimetallic strips will bend
when heated and can then activate switch contacts. The thermocouple is a traditional high-
temperature-sensing device that makes use of the fact that the junction of two dissimilar
metals will create a small voltage when heated. The resistance temperature detector (RTD)
uses the fact that a wire will increase in resistance when heated. Numerous semiconduc-
tor devices are available that “convert” temperature directly into resistance or voltage.
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Flow sensors measure the flow of a fluid in a pipe or open channel. Many flow sen-
sors work by placing a restriction in the pipe and then measuring the pressure before
and after the restriction. The pressure difference between the two places is proportional
to fluid velocity. Turbine flow sensors use the moving fluid to spin a propeller. The rpm
of the propeller is proportional to velocity.

Liquid-level sensors determine the level of liquid in a tank. The discrete type can
sense only if the level is at or above a certain point. Examples of the discrete level detec-
tors are a float activating a limit switch or a photo sensor. The continuous-level detec-
tor gives an analog output proportional to fluid level. There are many different ways
this can be done—for example, connecting a float to a potentiometer, monitoring the
pressure at the bottom of the tank, or monitoring the weight of the tank with load cells.

Vision sensors are being used more and more for such things as inspecting parts
and guiding robots in assembly operations. A vision system consists of a TV camera
connected to a computer, typically a PC. Special vision software analyzes the video
image and makes specific recommendations to the work area.

GLOSSARY

absolute optical encoder An optical rotary encoder that outputs a binary word rep-
resenting the angular position.

absolute pressure The pressure difference between the measured value and an
absolute vacuum.

bimetallic temperature sensor A strip made from two metals with different coeffi-
cients of thermal expansion; as the strip heats up, it bends.

bonded-wire strain gauge A force sensor consisting of a small pattern of thin wires
attached to some structural member; when the member is stressed, the stretched wires
slightly increase the resistance.

Bourdon tube A type of pressure sensor consisting of a short bent tube closed at one
end; pressure inside the tube tends to straighten it.

cold junction One of two temperature-sensitive junctions of the thermocouple tem-
perature sensor. The cold junction is usually kept at a reference temperature.

compensating gauge A nonactive strain gauge that is used solely for the purpose of
canceling out temperature effects.

continuous-level detector A sensor that can determine the fluid level in a container.

differential pressure The difference between two pressures where neither may be
ambient.

direct current tachometer Essentially, a DC generator that gives an output voltage
proportional to angular velocity.
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discrete-level detector A sensor that can determine if the fluid in a container has
reached a certain level.

edge detection Used in machine vision systems; the process whereby a computer
creates a visual image of an object by locating its edges.

flow sensor A sensor that measures the quantity of fluid flowing in a pipe or channel.

gauge pressure The difference between measured and ambient pressure (ambient is
14.7 psi or 101.3 kPa).

Grey code A sequence of digital states that has been designed so that only 1 bit
changes between any two adjacent states.

Hall effect The phenomena of a semiconductor material generating a voltage when in
the presence of a magnetic field; used primarily as a proximity sensor.

head The fluid pressure in a tank, which is caused by the weight of the fluid above
and is therefore proportional to the level.

Hooke’s law The deformation in a spring is directly proportional to the force on the
spring (spring force = constant X spring deformation).

hot junction One of two temperature-sensitive junctions of the thermocouple tem-
perature sensor. The hot junction is used on the probe.

ice-water bath A traditional way to create a known reference temperature for the cold
junction of a thermocouple.

impact pressure The pressure in an open (pitot) tube pointed “upstream.”

incremental optical encoder An optical rotary encoder that has one track of equally
spaced slots; position is determined by counting the number of slots that pass by a photo
Sensor.

Kelvin scale The Kelvin temperature scale starts at absolute zero, but a Kelvin degree
has the same temperature increment as a Celsius degree (0°C = 273 K).

least significant bit (LSB) The right-most bit in a binary number, it represents the
smallest quantity that can be changed—that is, the difference between two succes-
sive states.

limit switch A switch used as a proximity sensor—that is, a switch mounted so that
it is activated by some moving part.

linearity error A measurement error induced into the system by the sensor itself, it is
the difference between the actual quantity and what the sensor reports it to be.

linear variable differential transformer (LVDT) A type of linear-motion position
sensor. The motion of a magnetic core, which is allowed to slide inside a transformer, is
proportional to the phase and magnitude of the output voltage.
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loading error An error that may occur in an analog voltage signal when the circuit
being driven draws too much current, thus “loading down” the voltage.

LSB See least significant bit.
LVDT See linear variable differential transformer.

optical rotary encoder A rotary position sensor that works by rotating a slotted disk
past a photo sensor.

optical tachometer Mounted next to a rotating shaft, a photo sensor that gives a pulse
for each revolution (a stripe is painted or fixed on the shaft).

orifice plate A type of flow sensor whereby a restriction is placed in a pipe causing
a pressure difference (between either side of the restriction) that is proportional to flow.

photodiode A type of optical sensor, it increases its reverse-leakage current when
exposed to light.

photo resistor A type of optical sensor; its resistance decreases when exposed to light.

photo transistor A type of optical sensor; light acts as the base current and turns on
the transistor.

photovoltaic cell A device that converts light into electrical energy; used as an opti-
cal sensor, or as a solar cell.

piezoresistive effect A property of semiconductors in which the resistance changes
when subjected to a force.

potentiometer A variable resistor that can be used as a position sensor.
proximity sensor A sensor that detects the physical presence of an object.
psi Pounds per square inch, a unit of pressure.

pitot tube A velocity sensor for fluids whereby a small open tube is placed directly
into the flow; the pressure in the tube is proportional to fluid velocity.

Rankine scale The Rankine temperature scale starts at absolute zero, but a Rankine
degree has the same temperature increment as a Fahrenheit degree (0°F = 460°R).

resistance temperature detector (RTD) A temperature sensor based on the fact that
the resistance of a metal wire will increase when the temperature rises.

resolution The smallest increment of data that can be detected or reported. For a dig-
ital system, the resolution is usually the value of the least significant bit.

RTD See resistance temperature detector.

Seebeck effect The property used by a thermocouple, a voltage proportional to tem-
perature developed in a circuit consisting of junctions of dissimilar metal wires.
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sensor A device that measures some physical parameter such as temperature, pres-
sure, or position.

slider (wiper) The moving contact in a potentiometer, usually the center of three
terminals.

slotted coupler An optical proximity sensor that is activated when an object “cuts”
a light beam.

static pressure The pressure measured when the open measuring tube is directed per-
pendicularly to the flow.

strain The deformation (per unit length) as a result of stress.

stress Subjecting an object to tension or compression forces. Stress is the force per
unit area within the object.

thermistor A temperature sensor based on the fact the resistance of some semicon-
ductors will decrease as the temperature increases.

thermocouple A temperature-measuring sensor made from the junction of two dis-
similar metal wires; when the junction is heated, a small voltage is generated.

threshold detector A circuit that provides a definite off-on signal when an analog
voltage rises above a certain level.

toothed-rotor tachometer A tachometer that consists of two parts: a toothed, iron-
based wheel attached to the rotating member, and a stationary sensor. The sensor gives
a pulse each time a tooth passes by.

transducer A term used interchangeably with sensor. Literally means that energy is
converted, which is what a sensor does.

turbine A flow sensor based on having the fluid rotate a propeller of some kind.

variable-reluctance sensor A magnet with a coil of wire around it. It can detect the
movement of iron in the vicinity. Typically used with the toothed-rotor tachometer.

venturi A type of flow sensor whereby fluid is forced into a smaller channel, which
increases its velocity; the higher velocity fluid has a lower pressure (than the fluid in
the main channel), and the pressure difference is proportional to velocity.

vision sensor A system whereby a computer analyzes a video image for the purpose
of inspecting parts or guiding a robot or machine.

wiper See slider.

wire-wound potentiometer A variable resistor that uses a coil of resistance wire for
the resistive element; can be used as a position sensor.

Young’s modulus A constant that relates stress and strain for a particular material
(Young’s modulus = stress/strain).
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EXERCISES
Section 6.1

1.

2.

10.

11.

12.

13.

A potentiometer with a total range of 350° is supplied with a voltage of 12 Vdc.

Find the output voltage for an angle of 135°.

A potentiometer with a total range of 350° is supplied with a voltage of 8 Vdc. The

voltage at the wiper is 3.7 Vdc. What is the present angle of the pot?

A 10-k€ pot is used as a position sensor with a 10-V supply. The input resistance

to the interface circuit is 50 kQ. Find the loading error when the pot is in the mid-

dle of its range.

A 5-kQ pot is used as a position sensor with a 10-V supply. The input resistance

to the interface circuit is 40 kQ. Find the loading error when the pot is set to three-

quarters of its range.

A potentiometer with a total range of 350° has a linearity of 0.25% and is con-

nected to a 10-V source. If the pot is used as a position sensor, find the maximum

possible error in degrees.

A 350° wire-wound potentiometer has 300 turns and a total resistance of 1 k€.

What is the resolution in ohms? In degrees?

A 350° pot is connected to a shaft through a 3 : 1 gear ratio (the pot rotates three

times further than the shaft). The pot has a linearity of 0.2%.

a. What is the maximum angle the shaft can turn?

b. What is the maximum difference in degrees from where the shaft is and where
the pot reports it to be?

A pot with a total range of 350° is supplied with 5 Vdc. The output of the pot is

converted to binary with an 8-bit ADC (which is also referenced at 5 Vdc). Find

the 8-bit binary output of the ADC for a pot angle of 60°.

A 350° pot is connected through a 4 : 1 gear ratio to a shaft that rotates 80° (the

pot rotates four times further than the shaft). The pot has a supply voltage of 5V

and feeds to an 8-bit ADC converter. The ADC has a reference voltage of 5 V. The

LSB of the ADC is to be 0.4° or smaller. Will this system meet the requirements?

An absolute optical rotary encoder has five tracks. How many bits is the output,

and what is the resolution in degrees per state (that is, degrees per LSB)?

An absolute optical rotary encoder in a certain application must have a resolution

of 3°. How many tracks must it have?

An incremental optical rotary encoder has 720 slots. Starting from the reference

point, the disk turns 200 slots CW, then 80 slots CCW, then 400 slots CW. What

is the final angle of the shaft?

The counter for a 500-slot incremental optical rotary encoder has a value of

101100011.

a. What is the resolution in degrees—that is, what is the value of the LSB?

b. What is the current angle of the encoder shaft?
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14. Compare an LVDT with a potentiometer as a position sensor. What are some
advantages and disadvantages of using an LVDT?

Section 6.2

15. Explain the basic principle of extracting velocity data from position sensors.

16. Position data from a pot is being processed to yield velocity data. The sample
period is 0.5 s. The position is 68° at the first sample and 73° for the second sam-
ple. Calculate the velocity.

17. Data from an optical shaft encoder are providing velocity information. The sam-
ple period is 0.25 s. The present data are 10000111, and the previous data were
10000101. Find the present velocity (LSB = 1°).

18. A toothed-rotor sensor has 30 teeth. Find the rpm if the sensor outputs pulses at
100 Hz.

19. A toothed-rotor sensor has 18 teeth. Find the rpm if the sensor outputs pulses at
140 Hz.

20. The CK20-B tachometer is being used in a system. The output is 0.85 V. What is
the velocity in rpm?

21. A CK20-B tachometer is being used in a system. The output is 1.5 V. What is the
velocity in rpm?

22. A CK20-B tachometer is mounted piggyback to a motor with a 10:1 built-in
gearbox (similar to Figure 6.27). Find the velocity of the output shaft when the
tach outputs 2 V.

Section 6.3

23. Describe one application of using a limit switch as a proximity sensor.

24. Both optical and Hall-effect sensors can be used as proximity switches. Name one
possible application for each.

25. Explain the operation of a slotted coupler optical sensor. Use an application in your
explanation.

Section 6.4

26. When a 200-1b man gets in his car, the car body sinks 1 in. What is the spring con-
stant for the suspension system of the car?

27. When a 180-1b man gets in his car, the car body sinks 1.25 in. What is the spring
constant for the suspension system of the car?

28. When an 80-kg man gets in his car, the car body sinks 2 cm. What is the spring
constant for the suspension system of the car? [Hint: Remember to convert the 80-
kg mass into a weight using W = mg.)

29. How does a bonded-wire strain gauge work as a force sensor?

30. What is the purpose of using a bridge circuit with a strain gauge, and what is the

purpose of the compensating gauge?
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31.

32.

33.

34.

A strain gauge is used to measure the tension force in a 1-in. diameter bar of steel.
The strain gauge has a nominal resistance of 140 Q and a gauge factor (GF) of 4.
The strain gauge is connected to a bridge (which is supplied with 10 Vdc). The
bridge was initially balanced. After the bar is put under tension, the bridge output
voltage goes to 0.0008 Vdc. Draw a schematic of the setup and calculate the force
on the bar.

A strain gauge is used to measure the tension force in a 0.75-in. diameter bar of
steel. The strain gauge has a nominal resistance of 180 €2 and a GF of 4. The strain
gauge is connected to a bridge (which is supplied with 10 Vdc). The bridge was
initially balanced. After the bar is put under tension, the bridge output voltage goes
to 0.0006 Vdc. Draw a schematic of the setup and calculate the force on the bar.
A strain gauge is used to measure the tension force in a 2-cm diameter bar of steel.
The strain gauge has a nominal resistance of 160 €2 and a GF of 5. The strain gauge
is connected to a bridge (which is supplied with 10 Vdc). The bridge was initially
balanced. After the bar is put under tension, the bridge output voltage goes to
0.0008 Vdc. Draw a schematic of the setup and calculate the force on the bar.

A low-force sensor uses a spring and a 1-k€2 linear pot. The pot has a 1-in. stroke
and a supply voltage of 10 Vdc. If the sensor is to have an output of 1 V per 10 1b
of load, what is the spring constant required?

Section 6.5

3s.
36.

37.

38.

39.

How does a Bourdon tube work as a pressure sensor?

What is the difference between gauge pressure, differential pressure, and absolute
pressure?

A differential pressure bellows sensor is receiving 4 psi (gauge) on one side and
12 psi (absolute) on the other. What pressure does the sensor report?

A differential pressure bellows sensor is receiving 5 psi (gauge) on one side and
16.2 psi (absolute) on the other. What pressure does the sensor report?

A differential pressure bellows sensor is receiving 20 kPa (gauge) on one side and
90 kPa (absolute) on the other. What pressure does the sensor report?

Section 6.6

40.
41.

42,

43.

44,

How does a bimetallic temperature sensor work?

List the three ways that the cold junction of a thermocouple is handled in modern
systems.

An iron-constantan thermocouple is referenced at 32°F and has an output voltage
of 45 mV. What is the temperature at the hot junction?

An iron-constantan thermocouple is used to measure the temperature in an oven.
The cold junction is at ambient temperature of 80°F, and the thermocouple volt-
age is 12 mV. What is the approximate oven temperature?

A 100-Q platinum RTD is being used to measure temperature in an oven. The pres-
ent resistance is 122 Q. Find the temperature.
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45.

46.

A 100-Q platinum RTD is being used to measure temperature in an oven. The pres-
ent resistance is 130 Q. Find the temperature.
Construct a temperature sensor using the LM35 with the following specifications:
Supply voltage = 12V, and output = 0.5 V/°C.

Section 6.7

47.

48.

Describe the operating principles of the following flow sensors:

Orifice plate

Venturi

Pitot tube

Turbine

. Magnetic

An orifice plate flow sensor is used to measure the flow of water in a 2-in. ID pipe.
The orifice plate has a 1.5-in. diameter hole. The pressure difference across the
plate is 0.3 psi. Find the approximate water flow in the pipe.

P a0 Ty

Section 6.8

49.

50.

51.

52.

53.

How would you use two discrete-level detectors to maintain the liquid level in a
tank at between 3 and 4 ft?

A pressure sensor is used to measure the water level in a tank. What pressure would
you expect for 5 ft of water?

A pressure sensor is used to measure the water level in a tank. What pressure would
you expect for 2 m of water?

A pressure sensor is used to measure the level of a liquid in a tank. The density of
the liquid is 52 Ib/ft>. If the gauge pressure (from the sensor) is 5.7 psi, what is the
height of the liquid?

A pressure sensor is used to measure the level of a liquid in a tank. The weight den-
sity of the liquid is 6000 N/m?. If the gauge pressure (from the sensor) is 12,000 Pa,
what is the height of the liquid?

Section 6.9

54.
55.

Describe the basic components of a machine vision system.
What process would a machine vision system go through to determine whether a
part was incorrectly made or assembled?






CHAPTER 7

Direct Current Motors

OBJECTIVES

After studying this chapter, you should be able to:

 Explain the theory of operation of electric motors in general and DC motors
in particular.

* Distinguish the characteristics of series-wound, shunt-wound, compound,
and permanent-magnet motors.

* Use the torque-speed curve of a motor to predict its performance.

* Select a DC motor based on mechanical requirements.

* Understand the operation of linear amplifier drivers for DC motors that
incorporate power transistors, IC amplifiers, Darlington transistors, and
power MOSFETS.

* Understand DC motor-speed control using pulse-width-modulation concepts.

 Understand operating a DC motor from rectified AC, using silicon-controlled-
rectifier circuits.

* Understand the operating principles of brushless DC motors.

INTRODUCTION

An indispensable component of the control system is the actuator. The actuator is the
first system component to actually move, converting electrical energy into mechanical
motion. The most common type of actuator is the electric motor.

Motors are classified as either DC or AC, depending on the type of power they use.
AC motors (covered in Chapter 9) have some advantages over DC motors: They tend
to be smaller, more reliable, and less expensive. However, they generally run at a fixed
speed that is determined by the line frequency. DC motors have speed-control capabil-
ity, which means that speed, torque, and even direction of rotation can be changed at
any time to meet new conditions. Also, smaller DC motors commonly operate at lower
voltages (for example, a 12-V disk drive motor), which makes them easier to interface
with control electronics.

295
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Figure 7.1
Action of force
on a wire in a
magnetic field.

7.1 THEORY OF OPERATION

The discovery that led to the invention of the electric motor was simply this: A current-
carrying conductor will experience a force when placed in a magnetic field. The con-
ductor can be any metal—iron, copper, aluminum, and so on. The direction of the force
is perpendicular to both the magnetic field and the current (Figure 7.1). A demonstra-
tion of this principle is easy to perform with a strong magnet, flashlight battery, and a
wire and is highly recommended! Place the wire between the magnet poles and alter-
nately connect and disconnect the wire from the battery. Each time you complete the
circuit, you should feel a little tug on the wire. The magnitude of the force on the wire
can be calculated from the following equation:

F=IBLsin© (7.1)

where

F = force on the conductor (in Newtons)

I = current through the conductor (in amperes)
B = magnetic flux density (in gauss)

L =length of the wire (in meters)

0 = angle between the magnetic field and current

An electric motor must harness this force in such a way as to cause a rotary motion.
This can be done by forming the wire in a loop and placing it in the magnetic field
(Figure 7.2). The loop (or coil) of wire is allowed to rotate about the axis shown and is

F
F
1 B )
B
1
(a) Experimental setup (b) Directions of I, F, and B are mutually

orthogonal (conventional current flow)
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Figure 7.2
A simple DC motor action
(conventional flow).

Armature
Magnets (coil)

Comutator
(rotates)

Brushes
(stationary)

(a) (b)

called the armature winding. The armature is placed in a magnetic field called the field.
The commutator and brushes supply current to the armature while allowing it to rotate.

To understand how the motor works, look at Figure 7.2(a). Notice that wire seg-
ments A and B of the coil are in the same magnetic field, but the current in wire seg-
ment A is coming out of the page, whereas the current in wire segment B is going in.
Applying the force diagram from Figure 7.1(b) (and repeated in Figure 7.2), we see that
wire segment A of the coil would be forced up, whereas wire segment B would be
forced down. These forces would cause the coil to rotate clockwise. Figure 7.2(b) shows
the situation after the coil has rotated about 90°. The current has now reversed direc-
tion in the coil because the commutator contacts have rotated and are now making con-
tact with the opposite brush. Now wire segment A of the coil will be forced down and
wire segment B up, which causes the armature to continue rotating clockwise. Torque,
as explained in Chapter 5, is the rotational force a motor can exert. Notice that the
torque will be at a maximum when the coil is horizontal and will drop to zero when the
coil is vertical (similar to peddling a bicycle).

To reverse the direction of the motor, polarity of the voltage to the commutator is
reversed. This causes the forces on the armature coil to be reversed, and the motor
would then run in the opposite direction.

Figure 7.3 shows the armature of a practical motor. Notice that there are multiple
coils and each coil experiences the forces described in the preceding paragraph and so
contributes to the overall torque of the motor. Each coil is connected to a separate pair
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Figure 7.3
DC motor armature.

(a) Simplified armature (b) An actual armature (many loops)
showing multiple loops

of commutator segments, causing the current in each coil to switch directions at the
proper time for that individual coil. The overall effect is to provide approximately the
same torque for any armature position (like a multipiston engine).

One of the most important operating parameters of any motor is torque. Electric motor
torque is directly proportional to the force on the armature wires. From Equation 7.1,
we see that the force is proportional to the magnetic field and current (not voltage). By
gathering the mechanical parameters of the motor (such as number of poles) into a sin-
gle constant K, the motor torque can be expressed as

T=K,1L,0 (7.2)

where
T = motor torque

K, = aconstant based on the motor construction
I, = armature current
0 = magnetic flux

So far we have been looking at how the motor converts electrical energy to mechan-
ical energy. It turns out that the very same device (motor) is also capable of converting
mechanical energy to electrical energy, in which case it is called a generator. For exam-
ple, if the armature coil of Figure 7.2 were rotated in the magnetic field by some exter-
nal force, a voltage [called the electromotive force (EMF)] would appear on the
commutator segments. The magnitude of the EMF is given in Equation 7.3:

EMF = K0S (1.3)

where
EMF = voltage generated by the turning motor
K. = a constant based on motor construction
¢ = magnetic flux
S = speed of motor (rpm)
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Although it may seem strange, this EMF voltage is being generated even when the
motor is running on its own power, but it has the opposite polarity of the line voltage;
hence, it is called the counter-EMF (CEMF). Its effect is to cancel out some of the line
voltage. In other words, the actual voltage available to the armature is the line voltage
minus the CEMF:

V, =V, - CEMF (7.4)

where
V, = actual voltage available to the armature
V|, = line voltage supplied to the motor

CEMF = voltage generated within the motor

You can not directly measure V, with a voltmeter because it is an effective voltage
inside the armature. However, there is physical evidence that the CEMF exists because
the armature current is also reduced, as indicated in Equation 7.5:

V. — CEMF
1, = —n - (7.5)
R,
where
I, = armature current

A
V., = line voltage to the motor
R, = armature resistance

CEMF = voltage generated within the motor

Equation 7.5 (which is in the form of Ohm’s law) tells us that the armature current is a
function of the applied voltage minus the CEMF. Because CEMF increases with motor
speed, the faster the motor runs, the less current the motor will draw, and consequently
its torque will diminish. This explains why most DC motors have a finite maximum
speed; eventually, if the motor keeps going faster, the CEMF will nearly cancel out the
line voltage, and the armature current will approach zero.

The actual relationship between motor speed and CEMF follows and is derived
from Equation 7.3:

s _ CEMF
K0

(7.6)

where
S = speed of the motor (rpm)
CEMF = voltage generated within the motor
K, =amotor constant
0 = magnetic flux
Looking at Equation 7.6, we see that the motor speed is directly proportional to the
CEMF (voltage) and (surprisingly) inversely proportional to the field flux.
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EXAMPLE 7.1

A 12 Vdc motor has an armature resistance of 10 €2 and according to its spec
sheet generates a CEMF at the rate of 0.3 V/100 rpm. Find the actual arma-
ture current at 0 rpm and at 1000 rpm.

SOLUTION

We can find the armature current with Equation 7.5. For the first case, when
the motor isn’t turning at all (O rpm), the CEMF will be 0 V:

, _Vy~CEMF_12V_-0V

= 12A
A R 10

For the second case (1000 rpm), determine the CEMF before applying
Equation 7.5. Given the CEMF rate of 0.3 V/100 rpm,

03V
CEMF =—x 1000 rpm =3V
00 rpm

Then

V. —-CEMF 12V-3V 9V
IA: In = :——:0.9A
R 10 10

a

Thus, we see that the armature current is reduced in the running motor.

DC motors have a property called speed regulation. Speed regulation is the abil-
ity of a motor to maintain its speed when the load is applied. The basis of this self-reg-
ulation is the CEMF. When the motor’s load is increased, the speed tends to decrease,
but the lower speed reduces the CEMF, which allows more current into the armature.
The increased current results in increased torque, which prevents the motor from slow-
ing further. Speed regulation is usually expressed as a percentage, as shown in
Equation 7.7:

Sy — S
% speed regulation = —NL——FL » 100 (7.7
FL

where
Sy;. = no-load speeds
Sy, = full-load speeds
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EXAMPLE 7.2

A motor has a no-load speed of 1150 rpm. When the maximum load for a cer-
tain application is applied to the motor, the speed drops to 1000 rpm. Find the
speed regulation for this application.

SOLUTION
Applying Equation 7.7, we get

Sne= kL o 100 < 1150 rpm — 1000 rpm

% 100 = 15.0%
SeL 1000 rpm

Figure 7.4

7.2 WOUND-FIELD DC MOTORS

Wound-field motors use an electromagnet called the field winding to generate the mag-
netic field. The only other way to generate a magnetic field is with permanent magnets,
which will be discussed later. The speed of wound-field motors is controlled by vary-
ing the voltage to the armature or field windings. Figure 7.4 shows an example of a

Wound-field DC motor. (Explosion- WD U N D Fl E LD

proof means no open sparks.)
(Courtesy of Reliance Electric)

EXPLOSION-PROOF
FEATURES 1
* ADJUSTABLE SPEED la—1 HP
i epions i ENCLOSED e FAN-COOLED
® CLASS F INSULATION TOTALLY S
g EEFLSE&EDDHH HP RPM Enclosure Frame =
L} .
s FOR OPERATING FROM FULL WAVE gﬁ EE?:E :ggﬁaﬂ:g
SF#YHE‘ELE[-:F e 4 Vs 1750 TEFC-XP HBSEHC #
= RIGID MOUNT C-FACE 1150 TEFC-XP HUSEHC
3500 TEFC-XP HGSEHG
W 2500 TEFC-XP HUSSHC
3 1750 TEFC-XP HBSGHT #
1150 TEFC-XP HJ56HC
3500 TEFC-XP HUSEHC
T 2500 TEFC-XP HGS6HG
2 1750 TEFC-XP HJSE6HC «
1150 TEFC-XP HESEHC
3500 TEFC-XP HUSEHC
Ay 2500 TEFC-XP HJS6HC
1760 TEFC-XP HJSEHC #
A500¢2) TEFC-XP HJSEHC
1 2500(2) TEFC-XP HES6HC
1750{2) TEFC-XP HESBHC #
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Figure 7.5
Series and shunt
DC motors.

Field

+

Armature @

(a) Series motor circuit
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o

wound-field motor. This particular series of motors is available from Lol hp and at
several standard rated speeds. The rated speed of a motor is the speed when it is sup-
plying the rated horsepower—when the motor is unloaded, it will go faster than the
rated speed. These motors are designed to run at 90 Vdc because 90 V is about what a
practical rectifier circuit can produce from standard 120 Vac. The speed can be con-
trolled by adjusting the rectified voltage, as will be discussed later in this chapter. There
are three basic types of wound field motors: series wound, shunt wound, and compound.

Series-Wound Motors

In a series-wound motor, the armature and field windings are connected in series
[Figure 7.5(a)]. This configuration gives the motor a large starting torque, which is use-
ful in many situations—for example, car starter motors. The explanation for this large
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speed } Very high rpm if no load
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Speed (rpm)

High torque
at low rpm

Torque (in. « Ib) Stall}torque

(b) Series motor reversed Torque—speed curve for series motor
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(d) Shunt motor circuit

€
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§ Field @ AT
(torque)
+
O — O —
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(e) Shunt motor reversed Torque—speed curve for shunt motor
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initial torque is as follows: When the motor is stopped, there is no CEMF, and the full-
line voltage is available to the windings. Therefore, the initial armature current is large;
and being in series with the field windings, this same current creates a large magnetic
field as well. The combination of a large armature current and a large field flux is what
produces the large start-up torque (see Equation 7.2). Once the motor starts turning, the
increasing CEMF reduces the motor currents and hence the torque. Because the field
coil carries the full armature current, it must have a low resistance; thus, it consists of a
few turns of heavy-gauge wire.

Another characteristic of the series-wound motor is that it tends to “run away” (go
faster and faster) under no-load conditions. As the field current diminishes from the
increasing CEMF, the magnetic field flux also decreases, which according to Equation
7.6 tends to speed up the motor, which increases the CEMF even more. The overall
effect of this seemingly circular logic is that the motor will continue to accelerate until
the torque is balanced by friction forces. Most smaller motors can handle the high
speeds without causing any damage, but larger motors may literally fly apart if oper-
ated with no load.

Figure 7.5(c) shows a typical torque-speed curve for a series-wound motor.
Understanding this graph is important because it is the most useful tool in describing a
particular motor’s operating characteristics. The vertical axis has two scales: speed and
current. The horizontal axis represents torque. As described earlier, torque is a meas-
ure of the motor’s strength in turning its shaft and is the direct result of the forces on
the armature conductors. The graph shows the torque-speed relationship for a particu-
lar constant applied voltage. A lower motor voltage would give a curve of the same
shape but lying to the left of the one shown.

Looking at the curve [Figure 7.5(c)], notice that speed decreases as torque
increases. This is true of all electric motors, and it makes intuitive sense; when the load
is increased, the motor slows down. As an example, consider an electric circular saw.
You can hear the motor slowing down under the load of each board being cut. The max-
imum torque the DC motor can deliver occurs when the motor is loaded so much it
comes to a stop. This is called the stall torque. Some motors are designed to operate
right down to the stall torque; in fact, many control system motors operate in this mode
all the time. For example, a motor driving a robot arm must move the loaded arm from
one rest position to another. A useful coincidence is that the stall torque is also the max-
imum torque because most mechanical systems require more force to get things moving
from a resting position than they do at other times.

The top end of the curve [Figure 7.5(c)] reveals the no-load speed. This is the
speed the motor would attain if it were allowed to run with absolutely no external
load on it. In series motors, the no-load speed is established by a number of factors,
including bearing friction and wind resistance to the rotating parts, and so is some-
what unpredictable. In other types of motors, the effect of CEMF is the primary fac-
tor in determining the no-load speed. Notice that at the no-load speed the motor is
capable of doing absolutely no useful work because it is supplying zero torque to the
outside world. Therefore, any motor that is doing something useful must be going at
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less than its no-load speed. As pointed out before, larger series motors could be dam-
aged if run with no external load and, for that reason, are never connected to a load
with a belt—belts break!

The other parameter graphed in Figure 7.5(c) is the current (shown as a dashed
line). The current increases as the torque increases because the force on the armature
conductors is proportional to armature current. It may seem backward that when the
motor turns faster it draws less current, but a faster turning motor means it has less of
aload on it.

The speed-torque curve of the series-wound motor is highly nonlinear. The unusu-
ally high-stall torque is a desirable quality for many workhorse applications such as
cranes, portable power tools, and automobile starter motors. Series motors are less desir-
able in control applications, however, because the nonlinear characteristics complicate
the mathematics done by the controller. One last comment on the series motor: Like all
wound field motors, reversing the polarity of the line voltage reverses both the arma-
ture and field windings, causing the motor to continue to rotate in the same direction.
To reverse the direction of rotation, the polarity of only the armature (or field) would
have to be reversed, as shown in Figure 7.5(b).

Shunt-Wound Motors

In the shunt-wound metor, the armature and field windings are connected in parallel
[Figure 7.5(d)]. With this configuration, the current in the field is dependent only on
the supply voltage. In other words, the field flux is not affected by variations in current
due to the CEMF. This results in a motor with a more natural speed regulation.

The torque-speed curve of Figure 7.5(f) graphically shows the shunt-wound motor’s
characteristics. Notice that both the stall torque and no-load speed values are relatively
low when compared to the series motor. Also, the top portion of the curve tends to be
more horizontal. This (more) horizontal region is the area of good speed regulation. An
increase in torque [AT in Figure 7.5(f)] reduces the motor’s speed by only AS. In prac-
tice, this means a shunt-wound motor will slow down somewhat when the load increases
and speed up somewhat when the load is reduced, but on average, a /-hp shunt motor
will change speed only 15% from a no-load to a rated full-load operation.

Because the shunt motor tends to run at a relatively constant speed, it has tradi-
tionally been used in such applications as fans, blowers, conveyer belts, and machine
tools. The shunt motor can be designed to operate at almost any torque-speed combi-
nation at a given line voltage by specifying the number of turns in the field windings.
For a fixed line voltage, the speed can be controlled (within limits) by inserting a rheo-
stat in series with the field winding. As the resistance is increased, the current to the
field is reduced, which reduces the field flux and [according to the motor-speed equa-
tion (7.6)] speeds up the motor. Speed control can also be achieved by adjusting the line
voltage directly. As is the case with the series motor, the shunt motor is reversed by
reversing the polarity of only the armature or field coil, but not both (usually it’s the
armature). The circuit for a reversed shunt motor is shown in Figure 7.5(e).
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EXAMPLE 7.3

An old 90-Vdc shunt motor on a conveyer belt needs to be replaced. The iden-
tification plate on the old motor is unreadable, but you know it was turning at
about 1750 rpm. Using your ingenuity and common measuring instruments,
determine the specifications for a new motor and select one from the list of
Figure 7.4.

SOLUTION

The problem comes down to specifying the horsepower, and to know that you
need to know how much torque the old motor was supplying. Using a torque
wrench, or any torque-measuring device, you turn the conveyer belt shaft and
determine it requires about 2 ft - 1b to keep it moving.

To convert this data into horsepower requires two formulas;

P=TS (7.8)
where
P =power
T =torque
S = motor speed
ft-1b
1 hp = 33,000 — (7.9)
min

where
hp = horsepower”

First, use Equation 7.8 to calculate the power required to run the conveyer belt
(revolutions must be converted to radians):
1750 rev « 27 rad ft - Ib

=21,990 —
min rev min

P=TS=2ft-1bx

Now use Equation 7.9 to convert this result into horsepower:
21,990 ft-1b 1 hp - mi
x—P2 T _ 6 666 hp
min 33,000 ft - 1b

So, based on our calculations, we need a motor that rotates at 1750 rpm with
at least 0.666 hp. Looking down the list of Figure 7.4, we see a ¥-hp model
with a rated speed of 1750, which should work fine.

“The unit of horsepower (hp) was developed by James Watt, who determined that a horse could do
33,000 ft-1b of work per minute lifting coal from a coal pit.
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Figure 7.6
A compound DC motor. More linear region
Series Series
field field =
g 22 PN 0 g
©
o
Armature @ % analfgt Armature Sﬁhelfgt »
o o
Short shunt Long shunt Torque
(a) Compound motor circuit (b) Torque-speed curve

Compound Motors

The compound motor has both shunt and series field windings, although they are not
necessarily the same size. There are two configurations of the compound motor, the
short shunt and the long shunt, as shown in Figure 7.6(a). Typically, the series and shunt
coils are wound in the same direction so that the field fluxes add. The main purpose of
the series winding is to give the motor a higher starting torque. Once the motor is run-
ning, the CEMF reduces the strength of the series field, leaving the shunt winding to
be the primary source of field flux and thus providing some speed regulation. Also, the
combination of both fields acting together tends to straighten out (linearize) a portion
of the torque-speed curve [Figure 7.6(b)].

The motor discussed so far, where the fields add, is called a cumulative compound
motor. Less common is the differential compound motor, where the field coils are
wound in opposite directions. The differential compound motor has very low starting
torque but excellent speed regulation. However, because it can be unstable at higher
loads, it is rarely used. The compound motor direction of rotation is reversed by revers-
ing the polarity of the armature windings.

7.3 PERMANENT-MAGNET MOTORS

Permanent-magnet (PM) motors use permanent magnets to provide the magnetic flux
for the field (see Figure 7.7). The armature is similar to those in the wound-field motors
discussed earlier. Three types of magnets are used: (1) The Alnico magnet (iron based
alloy) has a high-flux density but loses its magnetization under some conditions such as
a strong armature field during stalled operation; (2) ferrite (ceramic) magnets have a low-
flux density, so they have to be larger, but they are not easily demagnetized; (3) the newer,
so-called rare-earth magnets, made from samarium-cobalt or neodymium-cobalt, have
the combined desirable properties of high-flux density and high resistance to demagnet-
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Figure 7.7
Cut-away diagram
of a permanent-
magnet motor.

(In a real motor, the
brushes would be
pushed against the
commutator with a
spring mechanism.)

Figure 7.8
A permanent-
magnet motor.

Commutator

Brushes

Magnets

ization. At the present time, the size of PM motors is limited to a few horsepower or less.
Small PM motors are used extensively in office machines such as printers and disk drives,
toys, equipment such as VCRs and cameras (for zoom and autofocus), and many places
in industry. Larger PM motors are used in control systems such as industrial robots.

Relationship Between Torque and Speed

The fact that the field flux of a PM motor remains constant regardless of speed makes
for a very linear torque-speed curve. This is very desirable for control applications
because it simplifies the control equations. Figure 7.8 shows a typical PM motor sym-
bol and torque-speed curve. Notice that the “curves” are straight lines for both speed
and current. The absence of field coils is apparent in the schematic [Figure 7.8(a)],

o Current
g
o =
k]
0}
0}
i Q
U)

Speed
O

Torque

(a) PM motor symbol (b) PM motor torque-speed curve
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which shows the applied voltage feeding only the armature. The PM motor is easily
reversed by reversing the polarity of the applied voltage. Example 7.4 illustrates how
the torque-speed curve can be used to predict the performance of a motor under any
load condition.

EXAMPLE 7.4
Figure 7.9(a) shows the torque-speed curve of a PM motor. Find the speed and
motor current for the following:
a. No-load and stall conditions
b. Lifting a 10-0z load with a 2-in. radius pulley

c. A motor driving a robot arm with a weight

SOLUTION

a. If voltage is applied to the motor with no load attached to the shaft, the
motor would turn at its no-load speed of 1000 rpm. On the other hand, if
the shaft was clamped so it could not turn, the motor would exert the stall
torque of 100 in. - 0z on the clamp and draw 260 mA of current.

b. A 10-oz weight is hung from a 2-in. radius pulley. The pulley is on the
motor shaft [Figure 7.9(b)]. Torque equals force times distance, so the
motor torque required to lift the weight is

21in. X 10 0z =20 1in. - oz

From the graph, we can see that, at a torque of 20 in. - 0z, the speed has
declined to 800 rpm, and the current is up to 125 mA.

c. The motor is attached to a 12-in. robot arm (weighing 10 oz). On the end
of the arm rests an 8-oz apple [Figure 7.9(c)]. The total load on the motor is
calculated as shown below. Note the arm is considered to be a point mass
of 10 oz at its center of gravity, which is 6 in. from the motor shaft.

(61in. X 10 0z) + (12 in. X 8 0z) = 156 in. - 0z

~~ ~~

Arm Apple

From the graph, we see that 156 in. - 0z exceeds the stall torque of 100
in. - 0z, so the motor will not be able to lift this load at all. One solution to
the problem would be to insert a gear train of, say, 5 : 1 between the motor
and load, [Figure 7.9(d)]. Now the torque required of the motor is only one-
fifth of what it was, or:
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11506 ..«
=20 0% 21 24n, oz

Which is within the torque range of the motor, so it will rotate at 690 rpm
and require a current of 150 mA. However, because of the gear train, the
load will rotate at only one-fifth of the motor shaft, or

690 rpm

5
Real-world loads are not always constant. In this case, the action of grav-
ity causes the load to be greatest when the arm is horizontal and zero when

the arm is vertical, so we would expect the motor speed to increase and
decrease with each revolution.

=138 rpm

Figure 7.9
Torque—speed curve |
and hardware setups 1000
for Example 7.4. B
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Figure 7.10

A family of torque—
speed curves
(Example 7.5).

A single torque-speed curve represents the motor performance for a particular volt-
age. Control motors are not usually operated at a single voltage because varying the
voltage is a way of controlling the power (and therefore speed). Figure 7.10 shows a
family of torque-speed curves, where each curve represents the motor response for a
different voltage. As the voltage increases, the stall torque and no-load speed also rise,
but saying that speed increases with voltage is too simple. What is really increasing is
the torque, and in most cases, increased torque results in increased speed.

EXAMPLE 7.5

A small PM motor is used on a tape deck. During rewind the motor runs at
500 rpm at 10 V. To shorten the rewind time, we want the motor to run at 650
rpm. It has been estimated that the increased speed will increase the load
torque by 50%. Based on that estimate, determine what voltage must be
applied to the motor to make it run at 650 rpm (use the torque-speed curve of
Figure 7.10).

SOLUTION

On the torque-speed curve of Figure 7.10, identify the existing operating point
of the motor on the 10-V curve at 500 rpm. The motor is supplying 8 in. - 0z at
that speed and voltage; for the faster rewind, the motor needs to run at 650 rpm
supplying 12 in. - 0z (12 in. - oz is 50% greater than 8 in. - 0z). The new oper-
ating point does not lie directly on one of the voltage curves, so we must sketch
in some parallel lines and estimate the new voltage to be approximately 14 V.

1000

800

600

Speed (rpm)

400

200

| | |
10 12 14 16 18 20 22
Torque (in. - 0z)
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Figure 7.11

Small PM motor v/
specifications.

(Courtesy of

Bertsch U.S.)

BERTSCH U.S.
MICROMOTORS

Series 22-45 - 6Watts 10,000 RPM Dimensions—mm 1 mm = 0.0394 in
Magnet AINiICo Efficiency upto85 % Possible Combinations
Commutator CuAg0.1,5segments Rotor Moment GearHeads H30,H40,P24
Brushes Graphite of Inertia 20 x 1073 oz-in? Tacho 20-08
Bearings Oilite Mechanical Time Const. appr. 20 ms Encoder HEDS-5500
Weight 270z
M2x4 g ﬁl
E _ Recommended Operational Data
Speed max. 10,000 rpm
Torque 0.7 0z-in
Temperature -4°to+175°F
455 !
Type 22-45-30 22-45-20  22-45-16 22-45-14 22-45-12 22-45-10 22-45-08
Voltage 3 6 9 12 18 24 36 \
Noload speed 7,500 10,000 10,100 10,000 9,700 9,900 9,700 rpm
Resistance 0.8 2.5 4.5 6 14 28 65 Ohms
Staittorque 1.89 1.80 219 3.07 2.95 2.63 212 0z-in
No toad current appr. 65 55 45 35 25 20 18 mA
Recommended current 1000 800 600 450 300 250 150 mA
Counter-EMF 0.51 0.77 115 1.56 2.34 3.15 4.78 mV/rpm
Speed/Torque Gradient 3980 5560 4510 3270 3420 3780 4740 rpm/oz-in
Gear Heads H 30 and H 40 with Oilite Bearings
Gear Head H30 H40
: Max. torque 30 42 o0z-in
Standard Gear Ratios
. 7
H30: 20:1 60:1 200:1 600:1 25001 mzi ',;A:Jvc:rspeed ?ooo 2500 w
H 40: 40 :1 100 : 1 200:1 500 : 1 1000 : 1 2000 : 1 Max. Axial Load 36 54 oz
Max. Radial Load 36 36 oz
Weight with motor 4.2 5 oz

Figure 7.11 shows an example of an “instrument-type” PM motor. This small
motor (about 1 in. in diameter) is available in seven models from 3 to 36 V. Consider
the 3-V model (22-45-30), which has a no-load speed of 7500 rpm and a stall torque of
1.89 in. - oz [Figure 7.11]. The torque-speed curve could be constructed from these fig-
ures (see Example 7.6). This motor is available with small gearheads, which are gear
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trains that are designed to connect directly to the motor. In this case, gear ratios from
20 : 1 to 2000 : 1 are available.

EXAMPLE 7.6

For motor 22-45-30 [Figure 7.11],
a. Draw the torque-speed curve.

b. Determine the speed for a load torque of 1 in. - oz.

SOLUTION

a. From Figure 7.11, we see that motor 22-45-30 has a no-load speed of 7500
rpm and a stall torque of 1.89 in. - oz. To draw the torque-speed curve, draw
the axes and establish an appropriate scale so that 7500 is on the
y-axis and 1.89 is on the x-axis. Connect these two points with a straight line
as shown in Figure 7.12 (remember, only a PM motor has a straight line).

b. Using the torque-speed curve, we can now determine the speed when the
motor is delivering 1 in. - oz of torque. From Figure 7.12, we see that the
speed would be 3400 rpm.

Circuit Model of the PM Motor (Optional)

[Note: This section can be omitted without affecting the comprehension of the rest of
this chapter.]

So far we have been examining the performance of the PM motor and found that
it is dependent on both the electrical and mechanical conditions present. To under-
stand all factors that affect the motor’s performance in a particular situation, exam-
ining a comprehensive motor-load mathematical model is helpful. This model is
simply an equation, where each term represents some electrical or mechanical con-
dition. In this section, we will look at the basic equations that describe motor-system
performance.

Figure 7.13 shows a simple model of the PM motor driving a mechanical load.
The equivalent circuit of the motor is a series circuit consisting of an inductance (L,)
from the armature windings, a resistance (R,) to account for wire and commutator
resistance, and a voltage source CEMF. Recall that the CEMF is an internally gener-
ated voltage that increases with motor speed. The polarity of the CEMF is such that
it subtracts from the line voltage (V, ), creating an effective armature voltage. The
inductance (L,) limits how fast the armature current can change but doesn’t affect the
steady-state operation. Writing Kirchhoff’s equation around the loop of Figure 7.13
(for steady state), we get
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Figure 7.12
Torque—speed curve
for motor 22-45-30.

Figure 7.13
Equivalent circuit
of a PM motor with
a mechanical load.
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V, = (R,x1,) + CEMF

Solving for I, we get

(7.10)

Therefore, for steady-state operation, the motor current is directly proportional to
the difference between the applied voltage and the CEMF. The value of motor current
is particularly important because it is the electrical parameter that most directly relates
to mechanical torque. For the PM motor, the relationship between torque and current
is very simple, as expressed in equation 7.11 (given on next page).

Electrical Mechanical
La Ry
+ N AN\
('\ I + I (inertial loads)
Y F (friction loads)
n CEMF T @ D (drag from air resistance)
l _ | T (load torque)
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=K1, (7.11)

where
T =mechanical torque
K~ = motor constant

1 ', = armature current

The motor, together with its load, is a mechanical as well as an electrical system.
Figure 7.13 indicates some of the mechanical factors that will effect the motor’s per-
formance. These include the moment of inertia (/), the bearing friction (F), and the
drag (D). The drag, called windage, comes from air resistance on moving parts. All
these factors cause resisting torques that the motor must overcome. The moment-of-
inertia factor opposes any change in speed, the bearing friction is a constant, and the
air drag increases with speed. Equation 7.12 describes the mechanical torque on a free-
running motor, that is, a motor not connected to any external load:

T=(,xAS)+F, +(DXS) (7.12)
where
T =torque needed to spin a motor with no load
I = moment of inertia of the armature and shaft

m
S = motor speed

AS = change in the motor speed per unit time (acceleration)
F, = friction in the motor from bearings
D = drag factor from wind resistance

The effect of the moment of inertia is only present when the motor speed is increasing
or decreasing. The larger the 7 factor, the more the speed resists change. Consequently,
the system response time is slowed by the moment of inertia, whereas the steady-state
speed is unaffected.

When the motor is connected to an external load, an additional set of / . and
T, influences the motor speed. The external load will certainly have its own moment of
inertia and friction, and there is now an external load torque (7)), which is the only
useful work being done by the motor and the reason for it being there in the first place.
The complete mathematical picture of what the motor has to drive is shown in
Equation 7.13:

T=(I,, X AS)+ Fy,+ (DX S)+ (I, XAS)+F, +(D_ xS+ T,  (7.13)

— — ~— —

Motor Load
where
I, =load moment of inertia
F, =load friction
D, = wind-resistance drag of the load

T, =load torque (useful work)
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If there is a gear train between the motor and load, the moment of inertia and fric-
tion will be affected. In most cases, the motor is geared down to the load, so from the
motor’s point of view, the load values of /,, F,, D,, and T, are reduced. In summary,
the motor’s actual performance is determined by its internal characteristics and the
nature of the load.

Figure 7.14
Methods of
speed control
for DC motors.

7.4 DC MOTOR-CONTROL CIRCUITS

In this section, we discuss the two basic approaches for controlling the speed of a DC
motor. The term speed control is somewhat inaccurate because, technically speaking,
the motor converts electrical energy into torque, not speed (the precise speed is deter-
mined by both the motor torque and the mechanical load). Still, in general, it is safe to
say that increased voltage will result in increased speed.

To drive the motor, an interface circuit is required to convert the low-level motor-
control signal from the controller into a signal strong enough to run the motor. The clas-
sical way to do this is with an analog drive. In this method, a linear power amplifier
amplifies the drive signal from the controller and gives the motor a “strengthened” ana-
log voltage [Figure 7.14(a)]. A DAC (digital-to-analog converter) would be required if
the controller is digital.

The other technique for controlling a DC motor is pulse-width modulation
(PWM). In this system, power is supplied to the motor in the form of DC pulses of a
fixed voltage [Figure 7.14(b)]. The width of the pulses is varied to control the motor
speed. The wider the pulses, the higher the average DC voltage, so more energy is avail-
able to the motor. The frequency of the pulses is high enough that the motor’s induc-
tance averages them, and it runs smoothly. This system has two advantages over the
analog drive: (1) The power amplifier can be of the efficient class C type, and (2) the
DAC is not needed because the amplifier is either on or off and can be driven directly
with a digital signal.

/ \

Linear Motor Class C Motor
power amp amp

T 17 e UL
N/
L~

(a) Analog drive (b) Pulse-width modulation (PWM) drive
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Figure 7.15
Analog-drive output
configurations for a DC
motor (conventional
current flow).

DC Motor Control Using an Analog Drive

The analog-drive system of DC motor control uses a linear-power amplifier to drive the
motor. The amplifier is the interface between the controller and the motor. Typically, it
is a current amplifier, meaning its primary function is to boost the current; the output
voltage may or may not be larger than the input voltage.

The simplest analog-drive circuit is a class A amplifier using a single power tran-
sistor. The circuit could be either the common emitter (CE) configuration, which gives
current and voltage gain, or the common collector (CC) configuration, which gives only
current gain; these circuits are shown in Figure 7.15. The operation of both circuits is
similar; when the base voltage (V) is increased (beyond the forward-bias voltage), the
transistor begins to turn on and let the collector current (/) flow. The collector current
is 30-100 times greater than the base current, depending on the gain (h,,) of the tran-
sistor. Once the transistor starts to conduct, /. increases with V, more or less linearly.
Note that all of /. goes through the motor, providing the drive current.

The problem with this arrangement is that class A amplifiers are very inefficient.
Consider the case of a 12-V, 2-A motor connected as shown in Figure 7.16(a). The DC
power available is 12 V. When the transistor is all the way on, it is acting like a closed
switch, so the entire 12 V is applied across the motor. When the transistor is half-on, it
is acting like a resistor in series with the motor, reducing /, by one-half, in this case to
1 A. Now, only 6 V is dropped across the motor, and the remaining 6 V is dropped
across the transistor. The power being drawn from the supply is

P=1v
=1A X 12V =12 watts (W)

whereas the power being dissipated by the transistor is

P=VI
=6VX1A=6W
Vsupply VSUPply
Motor Vg I
Vs Ic

Motor

(a) Common emitter (b) Common collector
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Figure 7.16

Power transistors.

Figure 7.17

LM12 power operational
amplifier (National
Semiconductor).

12V
(supply voltage)

I=1, V,=6V _
(energy to motor) Transistor

Insulator

J_ (wasted heat) \ = =

= U =

(a) Circuit conditions when (b) Power transistor mounting
a transistor is half-on

Half the power (6 W) of this system is wasted in the form of heat by the transistor
when the motor is running at half-speed. In many control systems, the motor may be
running with an average speed of even less than half. For smaller motors, these losses
may be acceptable, but for larger motors or battery operation a more efficient arrange-
ment is needed.

The circuit just described uses a power transistor as the motor driver amp. As shown
in Figure 7.16(b), power transistors and other power-driver circuits are made so that they
can be mounted securely on the chassis. The purpose of the mounting is to provide a
path for the heat to escape. A power transistor that is not mounted (or mounted incor-
rectly) cannot handle anywhere near its rated power. Typical power transistors can carry
up to 60 A and dissipate as much as 300 W, and special models can go much higher.
(Power transistors and heat considerations are covered in some detail in Chapter 4.) Other
motor drivers besides the power transistor include the power IC, the Darlington power
transistor, and the power MOSFET; these are described next.

The power IC driver is a single-package DC amplifier with a relatively high current
output. An example is the LM 12 (National Semiconductor) shown in Figure 7.17. This

20 kQ R,
AN Ay = ?’ +1
+30V
1kQ < %0 A, = 21okksz 1= o
= LM12
Ve ———— + "
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Figure 7.18

A DC motor drive
using a power
Darlington transistor.

Figure 7.19
Power MOSFETs.

Gate
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Y
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Vin (motor voltage)

Vet TIP 120
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1
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1
1
1
1

hee= 1000

high-power operational amplifier can supply up to 13 A with a maximum voltage of
+30 V. As in any op-amp circuit, feedback resistors are added to adjust the gain to any
desired value. The voltage gain for the circuit of Figure 7.17 is 21 [A = (Rf/Ri) +1].

Figure 7.18 shows a motor-driver circuit using a power Darlington transistor. The
Darlington configuration consists of two CC amplifiers connected in such a way that the
first transistor directly drives the second. Although the voltage gain is only 1 (maximum),
the current gain can be very high. The transistor shown in Figure 7.18 is a TIP 120, which
has a current gain (hfe) of 1000 and a maximum output current of 5 A. The motor must
be placed in the emitter path of the output transistor. A separate small-signal amplifier,
probably an op-amp, would be needed to provide any voltage gain required.

Another device capable of providing analog drive for a motor is the power MOS-
FET, known by such names as VFET, TMOS, and HEXFET. The shape of its con-
struction allows for large currents [Figure 7.19(a)]. These FETs are usually designed
to operate in the enhancement mode, which means the biasing voltage is always posi-

ID Vin

12A | Ves =13
VGS = 11

I

°¢ | Drain
6A Ves=9 Gate
Vctrl
Ves=7 Vas Source
— © Ves=5

(a) Power MOSFET construction (b) Output curves (c) Motor-driver circuit
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Figure 7.20

Reversing motor rotation
with negative voltage
(conventional current).

Figure 7.21
Reversing a motor
with relay switching
(two schematic
representations).

+ Vctrl

(a) CW (b) CCW

tive. Figure 7.19(b) shows a typical set of curves for the power MOSFET. Notice the
output current (/) is 0 A when the input voltage (V) is in the 0-5-V range but then
climbs to 12 A when V¢ rises to 13 V. Figure 7.19(c) shows the basic motor-driver cir-
cuit using a power MOSFET. In this case, the motor is in series with the drain, which
means the FET will provide both voltage and current gain. The gate voltage is supplied
from an op-amp circuit that is designed to interface the controller with the FET.

Reversing the PM Motor

To reverse the rotation direction of the PM motor, the polarity of the applied voltage
must be reversed. One way to accomplish this is to have a motor-driver amp capable of
outputting a positive and negative voltage (Figure 7.20). When the drive voltage is pos-
itive with respect to ground, the motor turns clockwise (CW). When the drive voltage
is negative with respect to ground, the voltage polarity at the motor terminals reverses,
and the motor rotates counterclockwise (CCW). The LM12 power op-amp (Figure 7.17)
is capable of providing positive and negative output voltages.

In many applications, the drive amplifier cannot output both positive and negative
voltages, in which case a switching circuit must be added to reverse the motor. One
approach is to use a double-pole relay (Figure 7.21). When the relay contacts are up,
the positive voltage is connected to terminal A of the motor, and terminal B is connected

Direction
+
%H CR1-1
)

T
+ o—o CR1-1
o

B B
Il )
I - A
- o—o/é CR1-2 CR1-2

7 ()

=~




320 CHAPTER 7

Figure 7.22
Reversing a DC
motor with solid-
state switching
(conventional
current).

Figure 7.23

A full-bridge PWM
motor driver.
(Courtesy of
Allegro Micro
Systems Inc.)

+V
—1= @ Q; S
Ii4
+ a—
O,
]3,2
—5 @ Q, A
1

to the negative voltage. When the relay contacts are down, the positive voltage is con-
nected to terminal B, and terminal A goes to the negative voltage, thus effectively revers-
ing the polarity.

Forward-reverse switching can also be done with solid-state devices. Figure 7.22
shows a motor-reversing circuit that uses four FETs. When Q, and Q, are on, the current
1, 1.4 causes the motor to turn clockwise. When Q, and Q, are on, the current /7 , flows
in the opposite direction and causes the motor to turn counterclockwise. The entire
switching operation can be performed by a single IC, such as the Allegro A3952 shown
in Figure 7.23. This IC contains four separate driver transistors that are controlled by
internal logic to operate in pairs (in the manner of Figure 7.22). The A3952 controls a
motor-supply voltage of up to 50 V with up to 2 A of output current.

A3952SB
U/

_ LOAD
BRAKE [ 1 Voo 16 ] comaLy
ReF [ 2 ¢ 15 | OUT

\ £\ f %
Rc[3 14 | MODE
GROUND [ 4 {13 GROUND
LOGIC
GROUND | 5 12 | GROUND
r77
LOGIC
suppLy L8 | Vee ._71?_1_711 i 1] sense
PHASE [ 7 | :: [ 10] ouT,
_ Ves
ENABLE [ 8 El v

Dwg. PP-056
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Figure 7.24
Application of the
Allegro A3952.

Figure 7.25
PWM waveforms.
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The A3952 is very simple to use, as illustrated in Figure 7.24. Basically, the IC con-
nects the supply voltage (V) and ground to the motor through pins Out, and Outg.
The polarity of the motor voltage (that is, motor direction) is controlled by the Phase
input, and the Enable input can be used to turn the motor on and off. Both Phase and
Enable inputs are digital TTL-compatible signals.

DC Motor Control Using Pulse-Width Modulation

Pulse-width modulation is an entirely different approach to controlling the torque and
speed of a DC motor. Power is supplied to the motor in a square wavelike signal of
constant magnitude but varying pulse width or duty cycle. Duty cycle refers to the per-
centage of time the pulse is high (per cycle). Figure 7.25 shows the waveforms for four
different speeds. For the slowest speed, the power is supplied for only one-quarter of
the cycle time (duty cycle of 25%). The frequency of the pulses is set high enough to
ensure that the mechanical inertia of the armature will smooth out the power bursts,
and the motor simply turns at a constant velocity of about one-quarter speed. For a
50% duty cycle (power on one-half the time), the motor would turn at about half speed,
and so on. In real life, nonlinear factors cause the motor to go slower than the straight

]
1

m (25% duty cycle)
| (50% duty cycle)
| (75% duty cycle)

Full on (100% duty cycle)

Al N[= A=
o
=}
—
—
—
—
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Figure 7.26

Class C amp operation
using a power transistor
(conventional current).

proportions suggest, but the principle still holds—that is, the speed of a motor can be
regulated by pulsing the power.

PWM offers two distinct advantages over analog drive. First, it is digital in nature—
the power is either on or off, so it can be controlled directly from a computer with a sin-
gle bit, eliminating the need for a DAC. Second, the drive amplifier can use efficient
class C operation. The class C amplifier is efficient because the conditions that cause
power dissipation are minimized. Consider the circuit shown in Figure 7.26. A control
voltage (V) of 2V will turn on Q, all the way (saturation), and /. flows freely through
the motor. That is, Q, acts like a closed switch, making V. near 0 V and so dropping
the entire line voltage (V) ) across the motor. We can calculate the power dissipated by
the transistor using the power equation: P = IV. Applying this to Q,,

P=1.XV
If Vi, is near OV, then
P=1.Xx0V=0W

This tells us that almost no power is lost by the transistor when /. is flowing. On the
other hand, when V_ ,is 0V, Q, is turned completely off, thus reducing /. to near 0 A.
Recalculating the power under these conditions,

P=0AXV,=0W

Again, theoretically no power is dissipated by the transistor. Therefore, if the transis-
tor is operated so that it is either all the way on or all the way off, we have a very effi-
cient amplifier. This is class C operation, and it can be used for PWM. In practice,
switching transistors do have losses because of leakage and because they can’t turn on
(or off) instantaneously. Therefore, a little dissipation occurs with each transition, which
means that the higher the frequency, the hotter the transistor gets!

e}

Vctrl VCE
(2VoroVv)
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Figure 7.27
Difference of 1, and
I..in PWM waves.

The driver amplifier circuit used for PWM is essentially the same as for an analog
drive. The power transistor, power Darlington, power MOSFET, and power IC amp can
all be used. One important difference from analog drive is that PWM amplifiers do not
have to be linear; this tends to make the PWM amp less complicated. Biasing is
designed so that the amplifier is normally off. The input signal will look like that shown
in Figure 7.25. The magnitude of the input must be high enough to ensure that the amp
will turn on all the way during the pulses. If not, the resulting inefficiency may cause
the amplifier to fail from overheating.

The Allegro A3952 (Figures 7.23 and 7.24) is ideally suited to provide a PWM drive.
The load supply terminal (V) is connected to a DC source and provides the motor volt-
age. A TTL-level PWM waveform (such as in Figure 7.25) is connected directly to the
Enable input. Recall that the Enable input turns on and off the motor voltage.

Some problems are associated with pulsing power to a DC motor. In fact, we usu-
ally try to avoid rapidly turning on and off an inductive load like a motor because of
the large voltage spikes generated when the interrupted armature current has no place
to go. Recognizing this problem, the PWM circuit includes free-wheeling or flyback
diodes to provide a nondestructive return path for the current. Figure 7.23 shows four
flyback diodes—one across each transistor. Each time the voltage is withdrawn from
the motor, a brief voltage spike will appear at the motor terminals. The diodes redirect
this energy back into the power source.

Because the PWM drive current is not a steady DC value, a unique kind of ineffi-
ciency arises, which the analog drive does not have. Figure 7.27 shows the PWM input
voltage and current for two different duty cycles. Notice that the current waveform looks
more like a sawtooth than a square wave. The current is trying to follow the voltage wave-
form, but the inductance of the motor restricts the current from changing very fast. As the
pulses get shorter, the relative peak-to-peak value of the current increases. Like any peri-
odic waveform, this current waveform has both an average value (/) and an rms value
(1,,,)- but note that the difference between the two values gets larger as the pulses get
shorter. Here is where the inefficiency occurs because the armature heat losses are pro-
portional to the (higher) I« value and the mechanical torque of the motor is proportional
to the (lower) 1, value. These two relationships are mathematically described in equa-
tions 7.14 and 7.15.

e LTLML ML

/[rms
Current W Iims -
Tay Iavj/\/\/\

(a) Long duty cycle (b) Short duty cycle
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T=1I %K, (7.14)
where
T =motor torque
I, = average armature current
K, =motor constant
_72
P,=1°  XR, (7.15)

where

P, =power dissipated through the armature

I . = value of the rms component of the current
R, = armature resistance

In summary, as the PWM pulses get shorter, the I, component gets proportion-
ately larger, as does the armature losses. The implication here is that slow motor speeds
require the duty cycle to be more than a simple proportion; for example, for 25% speed,
the duty cycle might have to be 35%.

PWM Control Circuits

There are many ways to create the PWM waveform, using either hard-wired circuits or
software. However, so not to burden the main processor with such a repetitive task,
PWM is usually generated with dedicated cicuits, or with special programmable tim-
ing circuits built-in to the microcontroller. In this section, we examine some different
methods that can be used to produce PWM. In all designs, it is the duty cycle, not the
frequency, that determines motor speed. The frequency stays constant and is usually in
the range of 40 Hz-10 kHz. Lower frequencies can sometimes cause objectional vibra-
tions, and power transfer to the motor declines at higher frequencies due to the induc-
tive reactance of the armature windings.

Figure 7.28 shows a 4-speed PWM control circuit. Operation of the circuit is as
follows: Two one-shots, O/S1 and O/S3, are connected together to make an oscillator.
(A one-shot generates a single pulse when triggered.) The 3-ms one-shot triggers the
1-ms one-shot, which feeds back and triggers the 3-ms one-shot, and so on. The output
of this circuit is a series of pulses that are high (5 V) for 1 ms and low for 3 ms. This is
the “-speed waveform shown in Figure 7.28(b). Note that the basic period of the wave-
form has been established at 4 ms. A third one-shot (O/S,) creates a 2-ms pulse and is
triggered by the “falling edge” of the O/S, output. The output of O/S, is high for one-
half of the 4-ms period and is shown as the /,-speed waveform in Figure 7.28(b). By
taking the output of the 3-ms O/S,, we create a %-speed waveform as shown. Control
gates A, B, and C admit one of the three signals into the OR gate. A fourth signal into
the OR gate called “full on” (duty cycle = 100%) provides for straight DC to the motor.
The control signals could come directly from the computer. The computer would merely
send a 4-bit data word to a latching output port, with a 1 in the bit position of the desired
speed. The motor would operate at that speed until a new command was sent.
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Figure 7.28 . L
Circuit for a 4-speed PWM Some ICs can generate the PWM waveform directly. One such device is the
motor control (shown with L.M3524 (National Semiconductor) shown in the block diagram of Figure 7.29(a). The
1/2-speed selection). duty cycle can be varied from 0% to almost 100% by applying a DC voltage called

“compensation” on pin 9. An on-board oscillator establishes the PWM frequency in the
form of a sawtooth waveform (frequency can be adjusted with an external R and C).
This sawtooth waveform is compared with the compensation voltage in a comparator
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(a) Block diagram of a PWM IC (LM3524) (b) Output transistors turn off when the oscillator
voltage reaches compensation
Figure 7.29
Pulse-width modulation IC
(LM3524). (Courtesy of
National Semiconductor)
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Figure 7.30
Controlling a DC motor
with PWM (from a
microcontroller).

amp. At the start of each cycle, the output transistor is turned on; when the sawtooth
voltage rises to the value of the compensation voltage, the output transistor turns off
and stays off for the rest of that cycle [Figure 7.29(b)]. As the compensation voltage is
increased, the output transistor stays on longer, increasing the duty cycle.

One of the most common ways to produce PWM is with programmable hardware
built into the microcontroller. For example, PWM can be generated from the MC68HC11
microcontroller by loading two numbers into registers corresponding to the high time
and the low time of each cycle. The PWM output is set low while a high-speed counter
counts up to the value in the low-time register, then the output is set high while the
counter counts up to the value in the high-time register. Interrupt routines automatically
take care of the whole PWM process, so the microcontroller is basically free to do other
things. Other microcontrollers, such as the MC68HC05B6, come with built-in PWM
channels. Each channel can be initialized for a specific period and duty cycle, then the
hardware takes over and produces the PWM wave. If the application program needs to
change the duty cycle, a new value is simply written to the duty-cycle register.

Figure 7.30 shows an MC68HC05B6 microcontroller (Motorola) being used to pro-
vide PWM drive to a DC motor. The output of the microcontroller is a 0-5-V logic sig-
nal that must be amplified to provide the necessary motor current. In this case, an A3952
(discussed earlier) will be used. Notice that the PWM signal goes to the enable input
and the signal that specifies motor direction goes to the phase input.

DC Motor Control for Larger Motors

DC motors come in all sizes, from small instrument motors requiring a fraction of an
ampere to large industrial motors requiring hundreds of amperes. The discussion thus
far has assumed that a DC supply voltage was available and that all the control circuit
had to do, broadly speaking, was to connect this voltage to the motor. For larger
motors—say, 20 A or more—the hardware needed to supply pure DC becomes bulky
and expensive. An alternative solution is to drive the DC motor with rectified AC, where
no attempt is made to smooth the waveform. A device that is frequently used in this
application to provide both rectification and some measure of control is the silicon-con-
trolled rectifier (SCR), which is covered in some detail in Chapter 4. The following
paragraph is only a summary of SCR operation.

A3952
Out
pwv UL y
Enable

Microcontroller
(MC68HCO5B6) | Djrection

5V = CW. Phase

0V = CCW) Outa
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Figure 7.31
A silicon-controlled
rectifier.

Figure 7.32

DC motor control
from an AC source
using an SCR.

Anode Anode

Gat I, Gate j
ae /"% T
Var I

Cathode Cathode
(a) SCR symbol (b) SCR equivalent circuit

The SCR is a member of the thyristor family of semiconductor switching devices.
Figure 7.31(a) shows the symbol of the SCR, which has three terminals: anode, gate,
and cathode. The SCR is used as an electronic switch and can handle currents up to
over 100 A. This power current (/,) flows from the anode to the cathode as indicated
in Figure 7.31(a). The SCR is switched on by applying a low voltage to the gate (V,),
which is typically 0.6-3 V. Once turned on, it stays on, even if the gate voltage is
removed. In fact, the only way to turn it off is to reduce the power current (/,) below a
low threshold called the holding current, which is typically a few milliamps. Notice
that the SCR symbol is similar to that of a diode, which reminds us that the SCR is a
rectifier as well as a switch—that is, current can flow through it in only one direction.

Figure 7.32(a) shows the basic SCR motor control circuit. Notice that the power
source is single-phase AC and that the DC motor is connected in series with the SCR.
The gate of the SCR is driven by a trigger circuit that provides one pulse for each cycle
of the AC. The free-wheeling diode (D) across the motor provides an escape path for
the energy stored in the motor windings when the SCR switches off.

Figures 7.32(b) and (c) show how the circuit can control motor speed. The top
waveform of Figure 7.32(b) is the AC power. Notice that the motor voltage (V) stays
at 0 V until the trigger pulse (V) turns on the SCR. Once turned on, the motor voltage
equals the AC voltage for the remainder of the positive half of the cycle. During the
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(trigger) H ' ' H ,

)

Trigger
circuit

6AC

—

o
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(a) Circuit diagram (b) Waveforms for (c) Waveforms for
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Figure 7.33

A full-wave SCR DC
motor-control circuit
using multiple SCRs.

Figure 7.34

A full-wave SCR
motor control using
a full-wave bridge.
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(a) Circuit diagram (b) Waveforms

negative half of the AC cycle, the SCR remains off, and there is no power to the motor.
Figure 7.32(b) shows the motor getting almost all the power this circuit can deliver,
which is still only about half of the AC power available.

In Figure 7.32(c), the trigger pulse is delayed from what it was in Figure 7.32(b).
Therefore, the motor is not connected to the AC power until later in the cycle, and con-
sequently it receives even less power—that is, it runs slower. So, by controlling the
delay time of the trigger pulse, we can control the speed of the motor.

A circuit with one SCR is a half-wave rectifier, so the load gets a maximum of only
half the available power. Circuits using multiple SCRs to create a full-wave rectifier
overcome this problem. Figure 7.33 shows such a circuit. Here, SCR, is triggered dur-
ing the positive half of the AC cycle, and SCR, is triggered during the negative half-
cycle. The result? The motor receives two power pulses per cycle. Figure 7.34 shows
another full-wave motor-control circuit. In this case, four diodes are used for the full-
wave rectifier, and a single SCR controls the delay of each half cycle.

Vrec SCR1

A\

nel | eox
fD

(a) Circuit diagram (b) Waveforms




DIRECT CURRENT MOTORS 329

Figure 7.35
Internal braking
circuits for the
DC motor.

FW
@ fo [

The SCR circuits described thus far are triggered somewhere in the middle of the AC
positive half of the AC cycle. The resulting abrupt voltage rise generates high-frequency
harmonics known as electrical “noise,” which can cause interference with other circuits,
such as with radio and TV. A solution to this problem is called zero-voltage switching.
With zero-voltage switching, the SCR is triggered on only at the very beginning of the
cycle, when the voltage is zero anyway; consequently, there is no quick voltage change.
If less than full power is desired, then, for example, only three out of four cycles would
be triggered on (or some other ratio). Zero-voltage switching requires a more sophis-
ticated trigger circuit than the phase-shift circuit discussed so far.

Electric motors have a large starting current that is many times more than the run-
ning current. For smaller motors, this may not present a problem; for larger motors (over
the range of 1-2 hp), however, special reduced voltage-starting circuits are used. A
reduced voltage-starting circuit will limit the armature current to some acceptable value
when the motor starts. One way to do this is to have a resistor in series with the arma-
ture. After the motor comes up to speed, a relay is used to bypass the resistor, allowing
the full line voltage to the motor.

Braking the DC Motor

There are some applications that require the motor to stop more quickly than it would
if it just coasted down. Of course, one way to stop rotation quickly is by using an
external friction brake unit as discussed in Chapter 5. Other braking methods employ
the motor’s existing hardware to create a resisting torque. One such method, called
dynamic braking, uses the fact that a spinning motor becomes a generator when the
power is removed. As shown in Figure 7.35(a), when the armature windings are
switched to a resistor as the motor is coasting down, the “generated” current from the
motor delivers power to the resistor, which dissipates the power as heat. The power
to heat the resistor has to come from somewhere, and in this case it is coming from

Field Run

Field

@

|

/ \I_O
Current limiting

resistor Centrifugal sw
opens at 0 rpm
(a) Dynamic braking using a (b) Braking by reversing polarity (plugging) DPDT

braking resistor run/brake sw shown in “run” position.
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the mechanical inertia of the spinning motor shaft, so the more power used up by the
resistor, the sooner the shaft will come to a stop. Recall that power dissipated in a
resistor is equal to the current squared times the resistance (P = I? X R), which indi-
cates that the power is more influenced by a change in current than by a change in
resistance. Thus the braking action can be increased by allowing more current through
the resistor, which is done by making the resistance smaller. Note that this system
can be used in both wound-field and PM motors, but in wound-field motors, the field
coil would have to remain energized by a DC source for the generator action to work.
Of course, it is possible to design a system to use the braking power instead of throw-
ing it away. This is being done in electric car designs, where the power given off by
the drive motor when stopping is put back in the battery; this system is known as
regenerative braking.

Another way to brake the motor is by reversing the polarity of the armature wind-
ings and thereby causing the motor to apply a reversing torque to the load. This the kind
of braking is called plugging. The problem is that when the voltage is reversed, it
becomes the same polarity as the CEMF, so they add. This means that if you suddenly
reverse the voltage on a 12-V motor, the effect is like that of putting almost 24 V across
the armature. The sudden large voltage will cause a large in-rush of current, which could
damage the armature. To prevent this problem, a series resistor is put in the reversing-
voltage circuit [see Figure 7.35(b)]. Also, when the motor finally comes to a stop, the
reversing voltage should be switched off so that the motor doesn’t start to run back-
wards. This switching could be accomplished with a centrifugal switch similar to that
shown in Figure 9.16.

7.5 A COMPREHENSIVE APPLICATION
USING A SMALL DC MOTOR

Example 7.7 illustrates a practical motor-application problem. The process requires you
to understand the characteristics of the entire system. This example will give you an
idea of the real-life factors involved in motor selection. (This example integrates some
material from Chapter 5.)

EXAMPLE 7.7

A PM motor turns a large 24-in. diameter, 10-1b turntable through a 20 : 1
gear train [Figure 7.36(a)]. A particular requirement is that the turntable must
be able to accelerate from a rest position to 90° in 0.2 s. Determine the nec-
essary motor voltage. The torque-speed curves of the motor are given in
Figure 7.36(b).
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Figure 7.36
Motor driving
a turntable
(Example 7.7).
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SOLUTION

To solve this real-life problem, we must know how to calculate the forces
required to get parts moving and understand the torque-speed characteristics
of DC motors. Accelerating from 0 to 90° in 0.2 s is a response-time require-
ment and is determined by the system’s moment of inertia (/). Because the
turntable is massive compared to the motor, we will only consider the
turntable’s moment of inertia in the problem. First, calculate the turntable’s /.
For a disk,

I:%mﬂ (7.16)

where

I = moment of inertia

m = mass (in this case, m = w/g = 10 1b/32 ft/s?)
r =radius (in this case, 12 in., or 1 ft)

After plugging in the numbers, we get
1_110113 s2 1 ft?
I
=0.1561b - s> - ft
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Converting I to in. - 0z - s> gives us

160z 12in.
X
ft

2

I=0.1561b - s2 - ft x =30in.-0z - s

which is the moment of inertia for the turntable.
Second, we need to know the acceleration required. From Chapter 5, recall
the equation that relates position to acceleration:

1
0= Eoct2 (7.17)

where

0 = angle in radians

o = angular acceleration

t = elapsed time since the object was at rest

Solving for acceleration, we find that

20 2(90°) mrad
o=—-= X
£ (02s)> 180°
Now we need to determine the motor torque required to cause this accelera-
tion. The basic equation of angular motion is

=79 rad/s?

T=lo (7.18)

where T is the motor torque. But remember that the motor is connected to the
turntable through a 20 : 1 gear ratio. Thus the turntable moment of inertia
reflected back to the motor is only 1/20 squared as big, and the motor must
accelerate 20 times faster than the turntable, as shown in the following equation:

(30 in. - 0z - %) " (79 x 20)

T=Io= - =118 in. - oz
20 52
| S —— N !
I of table o required
(as reflected of motor
to motor)

This result shows that 118 in. - 0z of motor torque are required to accelerate
the turntable. Looking along the x-axis of the torque-speed curves [Figure
7.36(b)] we see that for a stall torque of 118 in. - 0z, the motor must get
approximately 12 V. The answer to the original question seems to be as fol-
lows: The motor voltage to spin the turntable 90° in 0.2 s equals 12 V.
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Final Comment

There is a problem, however, with this conclusion because it is based on the
assumption that the torque is a constant 118 in. - oz. It is true that when the
motor is at a dead stop, 12 V will cause a torque of 118 in. - oz, but by the time
the turntable has moved 90°, the motor is turning at 50 rps and the torque is
down to 110 in. - oz. In this case, the difference between 118 and 110 in. - oz
is not that much and may (with minor adjustments) be considered an accept-
able solution. Getting the precise answer to this problem would require either
mathematics beyond the scope of this text or empirical testing.

EXAMPLE 7.7 (Repeated with ST Units)

A PM motor turns a large 60-cm diameter, 4.5-kg turntable through a 20 : 1
gear train [Figure 7.36(a)]. A particular requirement is that the turntable must
be able to accelerate from a rest position to 90° in 0.2 s. Determine the nec-

essary motor voltage. The torque-speed curves of the motor are given in Figure
7.36(b).

SOLUTION

Accelerating from 0 to 90° in 0.2 s is a response-time requirement and is deter-
mined by the system’s moment of inertia (/). Because the turntable is massive
compared to the motor, we will only consider the turntable’s moment of iner-
tia in the problem. First, calculate the turntable’s /. For a disk,

I= %mﬂ (7.16)

where

I = moment of inertia

m = mass (in this case, 4.5 kg)
r = radius (in this case, 30 cm)

After plugging in the numbers, we get
1
I= 5 4.5 kg 30 cm?
=2025 kg - cm? = 0.2025 kg - m?

which is the moment of inertia for the turntable.
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Second, we need to know the acceleration required:

1
0= Eatz (7.17)

where

0 = angle in radians

o = angular acceleration

t = elapsed time since the object was at rest

Solving for acceleration, we find that

20 2(90°) mrad
o= = X

== =179 rad/s?
2 (0.2S)2 180°

Now we need to determine the motor torque required to cause this accel-
eration. The basic equation of angular motion is

T=Io (7.18)

where T is the motor torque. But remember that the motor is connected to
the turntable through a 20 : 1 gear ratio. Thus the turntable moment of iner-
tia reflected back to the motor is only 1/20 squared as big, and the motor
must accelerate 20 times faster than the turntable, as shown in the following
equation:

_(0.2025 kg - m?) « (79 x 20)

T=Io =0.8N-m
2072 52
N — e
I of table o, required
(as reflected of motor
to motor)

[Note: The relationship 1 kg = 1N/(1 m/s?) was used to get units to cancel.]

This result shows that 0.8 N - m of motor torque is required to accelerate
the turntable. Looking along the x-axis of the torque-speed curves [Figure
7.36(b)] we see that for a stall torque of 0.8 N - m, the motor must get approx-
imately 12 V. The answer to the original question seems to be as follows: The
motor voltage to spin the turntable 90° in 0.2 s equals 12 V. (However, see
“Final Comment” on page 333.)
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Figure 7.37
A three-phase brushless
DC motor.

7.6 BRUSHLESS DC MOTORS

The weak point in the mechanical design of the DC motor is the brushes rubbing against
the rotating commutator (to get current into the armature). Brushes wear out, get dirty,
cause dust, and are electrically noisy. The brushless DC motor (BLDC) operates with-
out brushes by taking advantage of modern electronic switching techniques. Although
this adds some complexity, the result is a motor that is extremely reliable, very efficient,
and easily controlled—all very desirable qualities. The BLDC is becoming increasingly
popular, particularly in those cases where the motor must be operated from a DC source
such as a battery.

Figure 7.37(a) shows a diagram of a three-phase BLDC. The armature (called the
rotor) is a permanent magnet, and it is surrounded by three field coils. Each field coil
can be switched on and off independently. When a coil is on, such as coil A in Figure
7.37(a), the north pole of the rotor magnet is attracted to that coil. By switching the
coils on and off in sequence (A, B, C), the rotor is “dragged” around clockwise—that
is, the field has rotated electronically.

BLDCs have much in common with stepper motors, which are discussed in detail
in Chapter 8. The major difference between these two types of motors is that the BLDC
is used as a source of rotary power, like a regular electric motor, whereas the stepper
motor is used when it is necessary to step to precise positions and then stop. Unlike the
stepper motor, the BLDC has a built-in sensor system to direct the switching from one
field coil to the next. Figure 7.37(b) shows the three-phase BLDC with three optical
slotted couplers and a rotating shutter (Hall-effect sensors can also be used for this
application). These position sensors control the field windings. When the shutter is open
for sensor P, as shown, field coil A [Figure 7.37(a)] is energized. When the rotor actually
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slotted
coupler

:

Rotor —
\ P2
fC/ B N
:% Rotating
P3 shutter

(a) Field coil arrangement (b) Rotating shutter and sensors



336 CHAPTER 7

Figure 7.38
Schematic of a three-
phase BLDC.

gets to field coil A, sensor P, is turned off and P, is turned on, energizing field coil B
and pulling the rotor on around to coil B, and so on. In this manner, the rotor is made
to rotate with no electrical connection between the rotor and the field housing.

Figure 7.38 shows a schematic of a generalized three-phase BLDC. The three posi-
tion sensors connect to the control circuitry. In the simplest case, such as described in
the preceding paragraph, these signals are passed directly on to solid-state switches that
drive the motor coils. A more sophisticated motor-control system would provide for the
motor to reverse direction (by reversing the sequencing) and would control the speed
by using PWM techniques.

Since its introduction in 1962, the BLDC motor has been undergoing continuous
improvement. In particular, the availability of improved magnet materials, better semi-
conductors for controlling the power, and application-specific integrated circuits
(ASIC) have helped boost the BLDC to higher performance levels. BLDCs are avail-
able from fractional-hp to 600 hp models. The larger models are powered from rec-
tified AC using circuits similar to that shown in Figure 7.33. The DC is then switched
rapidly on and off with power MOSFETSs or bipolar transistors to create PWM drive
to the motor coils.

BLDC motors exhibit excellent speed control. In fact, some models come with a
built-in tachometer that feeds back to the control unit, allowing a speed regulation of
0% (perfect). When used in a variable-speed motion-control system, BLDCs can vary
their speed in the range of 100:1. However, unlike a brushed DC motor, the BLDC has
a minimum operating speed (around 300 rpm) below which the individual power pulses
can be felt (called cogging).

Besides being more reliable, modern BLDC motors have performance advantages
over brushed DC motors and even AC induction motors (AC motors are covered in
Chapter 9). Specifically, BLDC motors have higher power efficiency (they use less

Switching Driver
control

Sensor P,

Sensor P,

Sensor P,
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power for the same horsepower) and are smaller and lighter than other types of motors
with the same horsepower. It seems reasonable to conclude that the BLDC motor will
continue to improve and be adopted in more and more applications.

SUMMARY

The electric motor, the most common type of actuator, is based on the principle that a
current-carrying conductor will experience a physical force when in the presence of a
magnetic field. The DC motor consists of a rotating armature and a stationary magnetic
field. The current in the armature, which must come through brushes, causes the rotat-
ing forces. The stationary magnetic field is provided by either electromagnets (in which
case, it is called a wound-field motor) or by permanent magnets.

There are three types of wound field motors. The series motor has the armature and
field windings connected in series. This type of motor is characterized by a high start-
ing torque and a high no-load speed but poor speed regulation (the speed changes con-
siderably if the load changes). The shunt motor has the armature and field windings
connected in parallel. This type of motor has much better speed regulation than does
the series motor. The compound motor has both series and shunt-type field windings
and combines the good characteristics of both the series and shunt motors.

Permanent magnet (PM) motors use permanent magnets to provide the stationary
magnetic field. This results in a very linear torque-speed curve, which makes it easy to
calculate the motor speed for various load conditions and thus attractive for control sys-
tem applications.

There are two ways to control the speed of a DC motor: (1) Analog drive uses lin-
ear amplifiers to provide a varying DC voltage to the motor. Although simple and
direct, this method is very power-inefficient and is usually used only with smaller
motors. (2) Pulse-width modulation (PWM), a more efficient method, provides the
motor with constant voltage pulses of varying widths: the wider the pulse, the more
energy transferred to the motor. For larger DC motors, SCRs power the motor with
pulses taken directly from the AC waveform. This is a form of PWM, and it eliminates
the need for a large DC-power supply.

The newest type of DC motor is the brushless DC motor (BLDC). This motor uses
permanent magnets instead of coils in the armature (called the rotor) and so does not
need brushes. The field coils are switched on and off in a rotating sequence that pulls
the rotor around. BLDCs have built-in sensors that direct when the individual field coils
are to be switched on and off.

GLOSSARY

analog drive A method of controlling an electric motor’s speed by varying the DC
supply voltage.
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armature The part of a motor that responds to the magnetic field; typically, the arma-
ture is the rotating assembly of an electric motor.

BLDC See brushless DC motor.

brush A stationary conductive rod that rubs on the rotating commutator and conducts
current into the armature windings.

brushless DC motor (BLDC) The newest type of DC motor that does not use a com-
mutator or brushes; instead, the field windings are turned on and off in sequence, and
the permanent magnet rotor (armature) is pulled around by the apparently rotating mag-
netic field.

CEMF See counter-EMF.
commutator The part of an armature that makes contact with the brushes.
compound motor A motor that has both shunt and series field windings.

counter-EMF (CEMF) A voltage that is generated inside an electric motor when run-
ning under its own power; the polarity of the CEMF is always opposite to the applied
voltage.

cumulative compound motor A compound motor where the magnetic fields of the
shunt and series fields aid each other.

differential compound motor A compound motor where the magnetic fields of the
shunt and series windings oppose each other.

duty cycle The percentage of cycle time that the PWM pulse is high—that is, a true
square wave has a duty cycle of 50%.

dynamic braking A method of braking the motor by switching the armature wind-
ings to a resistor. The coasting motor generates current that is dissipated in the resistor,
thus removing energy from the system.

field The part of an electric motor that provides a magnetic field; typically, it is the sta-
tionary part.

field winding A stationary electromagnet used to provide the magnetic field needed
by the armature.

gearhead In smaller motors, a gear train attached or built-in to the motor assembly,
which effectively gives the motor more torque at less rpm.

holding current Once the SCR has been turned on, the small current (to the SCR)
necessary to keep the SCR in the conduction state.

I See moment of inertia.

load torque The torque required of the motor to rotate the load.
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moment of inertia (/) A quantity based on mass and shape of a rotating part; the
larger [ is, the more torque it takes to change the rpm of the part.

no-load speed The speed of a motor when there is no external load on it; it will
always be the maximum speed (for a particular voltage).

permanent-magnet (PM) motors A motor that uses permanent magnets to provide
the magnetic field. The PM motor has a linear torque-speed relationship, making it
desirable for control applications.

plugging A method of braking the motor by reversing the polarity of the armature
windings, causing the motor to apply a reversing torque to the load.

PM motor See permanent-magnet motor.

pulse-width modulation (PWM) A method of controlling an electric motor’s speed
by providing pulses that are at a constant DC voltage. The width of the pulses is varied
to control the speed.

PWM See pulse-width modulation.
rated speed The speed of a motor when producing its rated horsepower.

reduced voltage-starting circuit A special circuit that limits the motor current dur-
ing start-up.

rotor The rotating part of a motor; if the field poles are stationary (as they usually are),
then the rotor is known as the armature.

SCR See silicon-controlled rectifier.

series-wound motor A motor that has the field windings connected in series with
the armature; the series-wound motor has a high starting torque and a high no-load
speed.

shunt-wound motor A motor that has the field windings connected in parallel with the
armature windings; the shunt-wound motor has a measure of natural speed regulation—
that is, it tends to maintain a certain speed despite load changes.

silicon-controlled rectifier (SCR) A semiconductor device that provides speed con-
trol to a DC motor from an AC-power source (without the need of a power supply).

speed regulation In general, a motor’s ability to maintain its speed under different
loads; specifically, a percentage based on no-load speed and full-load speed.

stall torque The torque of the motor when the shaft is prevented from rotating; it will
always be the maximum torque (for a particular voltage).

torque In general, the measure of the motor’s strength in providing a twisting force;
specifically, the product of a tangential force times the radius.
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torque-speed curve A graph of a motor’s torque versus speed; can be used to pre-
dict the motor’s speed under various load conditions.

zero-voltage switch A technique of switching on an AC device (such as an SCR) only
at the beginning of the cycle when the voltage is zero anyway. This system eliminates
sharp voltage rises at turn-on and reduces the generation of high-frequency interference.

EXERCISES
Section 7.1

1.
2.

3.

What is CEMF? How and why does it affect electric motor performance?

A DC motor is running with a line voltage of 90 V, a CEMF of 80 V, and an arma-
ture resistance of 3 Q. Find the armature current.

A motor generates a CEMF at a rate of 0.4 V/100 rpm and has an armature resist-
ance of 20 Q. Ten volts are applied to the (stopped) motor. Find the armature cur-
rent just after the power is applied and when the speed is 1500 rpm.

A motor generates a CEMF at a rate of 0.5 V/100 rpm and has an armature resist-
ance of 15 Q. Twelve volts are applied to the (stopped) motor. Find the armature
current just after the power is applied and when the speed is 1500 rpm.

Section 7.2

® AR

10.

What are the distinguishing characteristics of the series-wound DC motor?
Explain stall torque and no-load speed.

What are the distinguishing characteristics of the shunt-wound motor?

When 24 V are applied to a motor with no load, the speed levels off at 2300 rpm.
When the load is connected, the speed drops to 2050 rpm. Calculate the speed reg-
ulation of this motor.

When 90 V are applied to a motor with no load, the speed levels off at 2000 rpm.
When the load is connected, the speed drops to 1750 rpm. Calculate the speed reg-
ulation of this motor.

Select a motor from the list of Figure 7.4 that meets the following requirements:
Load torque = 3 ft - Ib, and speed = 1750 rpm.

Section 7.3

11.
12.

Why is the PM motor particularly suited to control system applications?

A PM motor supplied with 10 V has the torque-speed curves of Figure 7.10.

a. Find the stall torque.

b. Find the no-load speed.

c. Find the rpm of the motor if it is lifting a 4-o0z load by a string over a 3-in.
radius pulley.

d. A 3:1 step-down gear pass is inserted between the motor and pulley shaft (of
part c). Sketch the setup and determine the motor rpm.
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13.

14.

15.
16.

A PM motor has the torque-speed curves of Figure 7.10. You want to use the motor
in an application that requires a speed of 450 rpm and a load of 11 in. - oz. What
voltage must be supplied to the motor?

A motor has the torque-speed curves of Figure 7.10. If the supply voltage is 12V,
what is the largest torque the motor can deliver and still maintain a speed of 600 rpm?
For the motor in Figure 7.11(a), draw the torque-speed curve for model 22-45-16.
For model 22-45-12 in Figure 7.11(a), find the approximate motor torque if the
applied voltage is 15V and speed is 5000 rpm.

Section 7.4

17.

18.

19.

20.

21.

22.

23.

24.
25.

Comment on the power efficiency of an analog-drive motor-control system that
uses a class A power amplifier.

An analog-drive circuit uses a power Darlington transistor. The supply voltage is
10 V; at 300 rpm, the motor is drawing 500 mA with a voltage of 3 V. How much
power is the transistor dissipating?

An analog-drive circuit uses a power Darlington transistor. The supply voltage is
12 V; at 400 rpm, the motor is drawing 1 A with a voltage of 7 V. How much power
is the transistor dissipating?

Explain the principle of PWM for motor-speed control.

What duty cycle would you specify to make a 2000-rpm, 12-V motor run at 1500
rpm? (Assume 12-V pulses and no PWM losses.)

What duty cycle would you specify to make a 1500-rpm, 12-V motor run at 1000
rpm? (Assume 12-V pulses and no PWM losses.)

What are the advantages of PWM over analog drive for motor control?

Explain how an SCR is turned on and off.

Sketch the voltage waveform of a full-wave SCR-driven motor for the following
conditions:

a. SCR starts conducting at 30°.

b. SCR starts conducting at 120°.

Section 7.5

26.

27.

A rotating antenna has a moment of inertia (I) of 0.8 Ib - ft - s%. It is driven through
a 10 : 1 gearbox by a DC motor (motor turns 10X faster). The antenna must be
able to rotate 180° from rest in 1 s. The motor characteristics are in Figure 7.36.
Find the motor voltage required.

A rotating antenna has a moment of inertia (I) of 1 kg - m?. It is driven through a
10 : 1 gearbox by a DC motor. The antenna must be able to rotate 180° from rest
in 1 s. The motor characteristics are in Figure 7.36. Find the motor voltage required.

Section 7.6

28.
29.

Explain how a brushless DC motor works without brushes.
What are the advantages of a BDCM over a regular DC motor?






CHAPTER 8

Stepper Motors

OBJECTIVES

After studying this chapter, you should be able to:

* Explain what a stepper motor is, how it is different from a “regular” motor,
and the applications it is used in.

* Understand the basic parts and operation of the three kinds of stepper
motors: permanent magnet, variable reluctance, and hybrid.

¢ Differentiate between two-phase, three-phase, and four-phase stepper motors.

* Understand the different operational modes—single-step versus slew, sin-
gle- and dual-phase excitation, half-step, and microstepping.

 Calculate the final position of a stepper motor, given the sequence of drive
pulses.

* Explain the operation of stepper motor driver circuits.

INTRODUCTION

A stepper motor is a unique type of DC motor that rotates in fixed steps of a certain
number of degrees. Step size can range from 0.9 to 90°. Figure 8.1 illustrates a basic
stepper motor, which consists of a rotor and stator. In this case, the rotor is a perma-
nent magnet, and the stator is made up of electromagnets (field poles). The rotor will
move (or step) to align itself with an energized field magnet. If the field magnets are
energized one after the other around the circle, the rotor can be made to move in a com-
plete circle.

Stepper motors are particularly useful in control applications because the controller
can know the exact position of the motor shaft without the need of position sensors.
This is done by simply counting the number of steps taken from a known reference
position. Step size is determined by the number of rotor and stator poles, and there is
no cumulative error (the angle error does not increase, regardless of the number of
steps taken). In fact, most stepper motor systems operate open-loop—that is, the con-
troller sends the motor a determined number of step commands and assumes the motor

343
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Figure 8.1
A PM 90 stepper
motor.
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goes to the right place. A common example is the positioning of the read/write head in
a floppy disk drive.

Steppers have inherently low velocity and therefore are frequently used without
gear reductions. A typical unit driven at 500 pulses/second rotates at only 150 rpm.
Stepper motors can easily be controlled to turn at 1 rpm or less with complete accuracy.

There are three types of stepper motors: permanent magnet, variable reluctance,
and hybrid. All types perform the same basic function, but some differences among
them may be important in some applications.

8.1 PERMANENT-MAGNET STEPPER MOTORS

The permanent-magnet (PM) stepper motor uses a permanent magnet for the rotor.
Figure 8.1 shows a simple PM stepper motor. The field consists of four poles (electro-
magnets). The motor works in the following manner: Assume the rotor is in the posi-
tion shown with the south end up. When field coil 1 is energized, the south end of the
rotor is attracted to coil 1 and moves toward it. Then field coil 1 is deenergized, and
coil 2 is energized. The rotor pulls itself into alignment with coil 2. Thus, the rotor turns
in 90° steps for each successive excitation of the field coils. The motor can be made to
reverse by inverting the sequence.

One desirable property of the PM stepper motor is that the rotor will tend to align
up with a field pole even when no power is applied because the PM rotor will be
attracted to the closest iron pole. You can feel this “magnetic tug” if you rotate the motor
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by hand; it is called the detent torque, or residual torque. The detent torque is a desir-
able property in many applications because it tends to hold the motor in the last posi-
tion it was stepped to, even when all power is removed.

As mentioned earlier, one big advantage of the stepper motor is that it can be used
open-loop—that is, by keeping track of the number of steps taken from a known point,
the exact shaft position is always known. Example 8.1 demonstrates this.

EXAMPLE 8.1
A 15°/step stepper motor is given 64 steps CW (clockwise) and 12 steps CCW
(counterclockwise). Assuming it started at 0°, find the final position.
SOLUTION

After completing 64 steps CW and 12 steps CCW, the motor has ended up 52
steps CW (64 — 12 = 52). Because there are 24 15°-steps per revolution
(360°/15° = 24),

52 steps 1 1
————=2-=2rev+—rev
24 steps/rev =~ 6 6

360°
=2rev+
=2 rev + 60°

Therefore, the motor has made two complete revolutions and is now sitting at
60° CW from where it started.

Effect of Load on Stepper Motors

For the open-loop concept to work, the motor must actually step once each time it’s
commanded to. If the load is too great, the motor may not have enough torque to make
the step. In such a case, the rotor would probably rotate a little when the step pulse was
applied but then fall back to its original position. This is called stalling. If feedback is
not used, the controller has no way of knowing a step was missed.

Within each step, the torque developed by the stepper motor is dependent on the
shaft angle. In fact, the torque on the rotor is actually zero when it is exactly aligned
with an energized field coil. Figure 8.2 illustrates how the motor can only provide torque
when the rotor is not aligned. The first frame of Figure 8.2 shows a rotor pole approach-
ing an energized field pole. The actual force of attraction is between the south (S) end
of the rotor and the north (N) end of the field pole. As the rotor pole approaches the
field pole, the attraction force (F') gets stronger but the torque component (7') gets
weaker. When the rotor is pointing directly at the field pole (last frame in Figure 8.2),
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Figure 8.2

Torque goes to zero
as the rotor aligns N N
with the field pole.
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the torque component is zero. In practice, this means that the rotor may come to a stop
before it is completely aligned with the energized field pole, at the point where the
diminishing step torque just equals the load torque.

For the simple motor under discussion (Figure 8.1), the maximum torque occurs
when the rotor is somewhere around 45° away from the field pole (second frame of
Figure 8.2.) If the load exceeds this maximum motor torque, the rotor will quickly slip
to 90° behind, and this might cause the motor to take a step backward instead of for-

ward. Consider the situation in Figure 8.3(a) where the rotor has been stepping CCW
and we have allowed it to lag a full step behind the energized pole (currently, pole 1).

Figure 8.3 1
[lustrating what » 1
would happen if

the rotor were =
allowed to lag a

full step behind

the field poles. Y //\
90° 2 \
2

(b)
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Figure 8.4
Position versus time for
the single-step mode.

The next pole to be energized in the CCW sequence is pole 2 [Figure 8.3(b)]. The first
problem here is that the rotor is pointing directly away from pole 2, so there will be lit-
tle or no torque exerted. The second problem is that, in this balanced condition, the rotor
will be equally attracted in either direction and we cannot reliably predict if it will turn
CW or CCW.

For proper operation, the rotor lag must not be to allowed exceed one-half the step
size, which would be 45° for the motor illustrated in Figure 8.3. This solves the pre-
ceding problems—namely, the motor will always turn in the direction it’s supposed to,
and it will not stall. (Recall that stalling occurs when the motor is too weak to take a
step.) In practical terms, the dynamic torque, which is the torque available when the
motor is running, may only be about half of the maximum holding torque (the torque
required to displace the rotor when stopped). There is an exception to this rule: When
the rotor is stepping rapidly (called slewing), the inertia can be counted on to keep the
rotor going in the right direction. Slewing is discussed in the next section.

Modes of Operation

The stepper motor has two modes of operation: single step and slew. In the single-step
mode or bidirectional mode, the frequency of the steps is slow enough to allow the rotor
to (almost) come to a stop between steps. Figure 8.4 shows a graph of position versus
time for single-step operation. For each step, the motor advances a certain angle and
then stops. If the motor is only lightly loaded, overshoot and oscillations may occur at
the end of each step as shown in the figure.

The big advantage of single-step operation is that each step is completely independ-
ent from every other step—that is, the motor can come to a dead stop or even reverse
direction at any time. Therefore, the controller has complete and instantaneous control
of the motor’s operation. Also, there is a high certainty that the controller will not lose
count (and hence motor position) because each step is so well defined. The disadvantage

1 step

Position (degrees)

Time



348 CHAPTER 8

Figure 8.5
Position versus time
for the slew mode.

of single-step mode is that the motion is slow and “choppy.” A typical single-step rate
is 5 steps/second which translates to 12.5 rpm for a 15°/step motor.

In the slew mode, or unidirectional mode, the frequency of the steps is high enough
that the rotor does not have time to come to a stop. This mode approximates the oper-
ation of a regular electric motor—that is, the rotor is always experiencing a torque and
rotates in a smoother, continuous fashion. Figure 8.5 shows a graph of position versus
time for the slew mode. Although the individual steps can still be discerned, the motion
is much less choppy than in single-step mode.

A stepper motor in the slew mode cannot stop or reverse direction instantaneously.
If attempted, the rotational inertia of the motor would most likely carry the rotor ahead
a few steps before it came to rest. The step-count integrity would be lost. It is possible
to maintain the step count in the slew mode by slowly ramping up the velocity from the
single-step mode and then ramping down at the end of the slew. This means the con-
troller must know ahead of time how far the motor must go. Typically, the slew mode
is used to get the motor position in the “ballpark,” and then the fine adjustments can be
made with single steps. Slewing moves the motor faster but increases the chances of
losing the step count.

Figure 8.6 shows the torque-speed curves for both the single-step and slew modes.
The first observation is that available load torque diminishes as the stepping rate rises
(this is true of all DC motors). Also, for the single-step mode, the price paid for the abil-
ity to stop or reverse instantaneously is less torque and speed. Looking along the x-axis,
notice three different kinds of torques. The detent torque is the torque required to over-
come the force of the permanent magnets (when the power is off). It is the little tugs
you feel if you manually rotate the unpowered motor. The dynamic torque, which is
the maximum running torque, is obtained when the rotor is lagging behind the field
poles by half a step. The highest stall torque shown in Figure 8.6 is called the holding
torque and results when the motor is completely stopped but with the last pole still
energized. This is really a detent type of torque because it represents the amount of
external torque needed to rotate the motor “against its wishes.”

1 step

Position (degrees)

Time
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Figure 8.6
Torque—speed curves
for single-step and
slew modes.

Speed (steps/second)

Detent torque Dynamic torque Holding torque
(power off) (rotor lagging 45°) (last pole energized)
Torque
EXAMPLE 8.2

A stepper motor has the following properties:
Holding torque: 50 in. - oz
Dynamic torque: 30 in. - 0z
Detent torque:  5in. - oz

The stepper motor will be used to rotate a 1-in. diameter printer platen (Figure
8.7). The force required to pull the paper through the printer is estimated to
not exceed 40 oz. The static weight of the paper on the platen (when the printer
is off) is 12 oz. Will this stepper motor do the job?

SOLUTION

The torque required to rotate the platen during printing can be calculated as
follows:

Torque = force X radius = 40 0z X 0.5 in. = 20 in. - 0z

Therefore, the motor, with 30 in. - 0z of dynamic torque, will be strong enough
to advance the paper.

The torque on the platen from just the weight of the paper is calculated as
follows:

Torque = force X radius = 12 0z X 0.5in. =6 in - 0z
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Figure 8.7

A stepper motor
driving a printer platen
(Example 8.2).

When the printer is on, the powered holding torque of 50 in. - 0z is more than
enough to support the paper. However, when the printer is off, the weight of the
paper exceeds the detent torque of 5 in. - 0z, and the platen (and motor) would spin
backward. Therefore, we conclude that this motor is not acceptable for the job
(unless some provision such as a ratchet or brake is used to prevent back spinning).

Excitation Modes for PM Stepper Motors

Stepper motors come with a variety of winding and rotor combinations. In addition,
there are different ways to sequence energy to the field coils. All these factors deter-
mine the size of each step. Phase refers to the number of separate winding circuits.
There are two-, three-, and four-phase steppers, which are discussed next.

Two-Phase (Bipolar) Stepper Motors

The two-phase (bipolar) stepper motor has only two circuits but actually consists of
four field poles. Figure 8.8(a) shows the motor symbol, and Figure 8.8(b) shows how it
is wired internally. In Figure 8.8(b), circuit AB consists of two opposing poles such that
when voltage is applied (+A —B), the top pole will present a north end to the rotor and
the bottom pole will present a south end. The rotor would tend to align itself vertically
(position 1) with its south pole up (because, of course, opposite magnetic poles attract).

Force required (to pull
paper quickly) = 40 oz

Platen

O

Weight =12 oz /

Paper

Motor
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Figure 8.8
A two-phase (bipolar)
stepper motor.

-
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C D
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C D
(a) Symbol (b) Wiring diagram

The simplest way to step this motor is to alternately energize either AB or CD in
such a way as to pull the rotor from pole to pole. If the rotor is to turn CCW from posi-
tion 1, then circuit CD must be energized with polarity C+ D-. This would pull the rotor
to position 2. Next, circuit AB is energized again, but this time the polarity is reversed
(=A +B), causing the bottom pole to present a north end to the rotor, thereby pulling
it to position 3. The term bipolar applies to this motor because the current is sometimes
reversed. The voltage sequence needed to rotate the motor one full turn is shown below.
Reading from top to bottom gives the sequence for turning CCW, reading from bottom
up gives the CW sequence:

Circuit Position

A+ B- 1

C+D- 2 (excitation for Figure 8.8)
A-B+ 3

C-D+ 4

Another way to operate the two-phase stepper is to energize both circuits at the same
time. In this mode, the rotor is attracted to two adjacent poles and assumes a position
in between. Figure 8.9(a) shows the four possible rotor positions. The excitation
sequence for stepping in this dual mode is as follows:

Circuits Position

A+ B- and C+ D- 17

A-B+ and C+ D- 27 (excitation for Figure 8.9a)
A-B+ and C-D+ 3’

A+ B- and C-D+ 4-
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Figure 8.9
Additional operating
modes for stepper
motors.
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(a) Dual excitation (energized for (b) Eight-step drive using “half-steps”

position 1)

Having two circuits on at the same time produces considerably more torque than the
single-excitation mode; however, more current is consumed, and the controller is more
complex. Still, because it produces the greatest power-to-weight ratio, this bipolar, dual-
excitation mode is quite common.

Both methods produce four-step drives, that is, four steps per cycle. By alternat-
ing the single- and dual-excitation modes, the motor can be directed to take half-steps,
as shown in Figure 8.9(b). Positions 1, 2, 3, and 4 are from the single-excitation mode,
and positions 17, 27, 3%, and 4~ are from the dual-excitation mode. When driven this
way, the motor takes eight steps per revolution and is called an eight-step drive. This is
desirable for some applications because it allows the motor to have twice the position
resolution. Even smaller steps are possible with a process called microstepping, which
is discussed later in the chapter.

The motor described thus far in this section steps 90° in the four-step mode (and
45° in the eight-step mode). PM stepper motors commonly have a smaller step, as low
as 30°. This is done by increasing the poles in the rotor. Figure 8.11 shows a 30° step-
per motor; the rotor has six rotor poles. Assume that field poles AB have been ener-
gized, pulling the rotor into the position shown. Next, circuit CD is energized. Rotor
poles yz will be attracted to poles CD and will have to rotate only 30° to come into
alignment.

Four-Phase (Unipolar) Stepper Motors

The four-phase (unipolar) is the most common type of stepper motor (Figure 8.12).
The term four-phase is used because the motor has four field coils that can be energized
independently, and the term unipolar is applied because the current always travels in
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Figure 8.10
PM stepper motors.  PF35 Series Models
(Courtesy of PF35-48 | PF35-24
Kollmorgen Excitation Mode 2-2
Motion Step Angle ©) 75 | 15
Technologies Step Angle Tolerance (%) +5
Group) Steps per Revolution 48 24
Rating Continuous Intermittent Continuous
Letter Designator C D Q C C D
Winding Type Unipolar|Unipolar| Bipolar | Unipolar Unipolar Unipolar
DC Operating Voltage V) 12 5 5 24 12 5
Operating Current (mA/g) 133 313 310 266 133 313
Winding Resistance (Q/2) 90 16 17 90 90 16
Winding Inductance (mH/2) 48 8.9 12 48 48 8.9
Holding Torque (oz-in) 2.78 3.25 3.88 2.08
Rotor Inertia (0z-in?) 24.1x1078
Starting Pulse Rate, Max. (pps) 500 400 680 310
Slewing Pulse Rate, Max. (pps) 530 500 770 410
Ambient Temp Range, Operating (°C) —-10—+50
Temperature Rise (°C) 55 - 55
Weight (0z) 2.8
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Figure 8.11 A
A 30 stepper motor
with a six-pole rotor.
y \
z

B o—
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Figure 8.12 A
A four-phase (unipolar)
stepper motor.
Common
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(a) Wiring diagram
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Figure 8.13
A four-phase
stepper with
center tap
windings.

the same direction through the coils. The simplest way to operate the four-phase step-
per motor is to energize one phase at a time in sequence (known as wave drive). To
rotate CW, the following sequence is used:

A B
C D (excitation for Figure 8.12a)
E F
G H

Compared with the two-phase bipolar motor, the four-phase motor has the advan-
tage of simplicity. The control circuit of the four-phase motor simply switches the poles
on and off in sequence; it does not have to reverse the polarity of the field coils.
(However, the two-phase motor produces more torque because it is pushing and pulling
at the same time.)

The torque of a four-phase stepper motor can be increased if two adjacent coils are
energized at the same time, causing the rotor to align itself between the field poles [sim-
ilar to that shown in Figure 8.9(a)]. Although twice the input energy is required, the
motor torque is increased by about 40%, and the response rate is increased. By alter-
nating single- and dual-excitation modes, the motor steps in half-steps, as shown in
Figure 8.9(b).

Constructing motors so they can be used in either a two- or four-phase mode is
common practice. This is done by bringing out two additional wires (from the two-
phase motor) that are internally connected to points between the opposing field coils.
Figure 8.13(a) shows the symbol for this type of motor, and Figure 8.13(b) shows the

(a) Symbol (b) Wiring diagram
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Figure 8.14
Stacked-rotor
design allows
smaller steps.

interior motor wiring. When such a motor is used in the two-phase mode, the center
taps (terminals 2 and 5) are not used. When the motor is operated in the four-phase
mode, the center taps become a common return, and power is applied to terminals 1, 4,
3, and 6 as required.

Available PM Stepper Motors

Almost all PM stepper motors available today have smaller step sizes than the simpli-
fied motors discussed so far. These motors are made by stacking two multipolled rotors
(offset by one-half step), as illustrated in Figure 8.14. Typical step sizes for four-phase
PM stepper motors are 30°, 15°, and 7.5°. Figure 8.10 is a specification sheet for a fam-
ily of PM stepper motors. For example, the PF35-48C (continuous duty) motor has 48
steps/revolution (which is 7.5°), requires 133 mA at 12V, and has a holding torque of
2.78 in. - oz.

8.2 VARIABLE-RELUCTANCE STEPPER MOTORS

The variable-reluctance (VR) stepper motor does not use a magnet for the rotor;
instead, it uses a toothed iron wheel [see Figure 8.15(b)]. The advantage of not requir-
ing the rotor to be magnetized is that it can be made in any shape. Being iron, each rotor
tooth is attracted to the closest energized field pole in the stator, but not with the same
force as in the PM motor. This gives the VR motor less torque than the PM motor.

A VR motor usually has three or four phases. Figure 8.15(a) shows a typical three-
phase stepper motor. The stator has three field pole circuits: @1, @2, and @3. Figure
8.15(b) shows that the actual motor has 12 field poles, where each circuit energizes four
windings; you can see this by closely observing the @1 wire in Figure 8.15(b). Notice
that the rotor has only 8 teeth even though there are 12 teeth in the stator. Therefore,
the rotor teeth can never line up “one for one” with the stator teeth, a fact that plays an
important part in the motor’s operation.
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Figure 8.15
A three-phase
VR stepper
motor (15 step).
(Wires for A2
and A3 left out
for clarity.)

Figure 8.16

A 15° three-phase
VR stepper motor
(only four field
poles shown

for clarity).

Stator

Common

61 63

02

(wires for 02 & ¢3 left out for clarity)

(a) Symbol (b) Construction

Figure 8.16 illustrates the operation of the VR stepper motor. When circuit @1 is
energized, the rotor will move to the position shown in Figure 8.16(a)—that is, a rotor
tooth (A) is lined up with the @1 field pole. Next, circuit @2 is energized. Rotor tooth
B, being the closest, is drawn toward it [Figure 8.16(b)]. Notice that the rotor has to
move only 15° for this alignment. If circuit @3 is energized next, the rotor would con-
tinue CCW another 15° by pulling tooth C into alignment.

The step angle of the VR motor is the difference between the rotor and stator
angles. For the motor of Figure 8.16, the angle between the field poles is 30°, and the

(a) Pole @1 energized (b) Pole @2 energized
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angle between the rotor poles is 45°. Therefore, the step is 15° (45° — 30° = 15°). By
using this design, the VR stepper motor can achieve very small steps (less than 1°).
Small step size is often considered to be an advantage because it allows for more precise
positioning.

The VR stepper motor has a number of functional differences when compared with
the PM type. Because the rotor is not magnetized, it is weaker (less torque) than a sim-
ilar-sized PM stepper motor. Also, it has no detent torque when the power is off, which
can be an advantage or disadvantage depending on the application. Finally, because of
the small step size and reduced detent torque, the VR stepper motor has more of a ten-
dency to overshoot and skip a step. This is a serious matter if the motor is being oper-
ated open-loop, where position is maintained by keeping track of the number of steps
taken. To solve the problem, some sort of damping may be required. This can be done
mechanically by adding friction or electrically by providing a slight braking torque with
adjacent field poles.

8.3 HYBRID STEPPER MOTORS

The hybrid stepper motor combines the features of the PM and VR stepper motors
and is the type in most common use today. The rotor is toothed, which allows for very
small step angles (typically 1.8°), and it has a permanent magnet providing a small
detent torque even when the power is off.

Recall that the step size of a PM motor is limited by the difficulty in making a
multipole magnetized rotor. There is simply a limit to the number of different mag-
netizations that can be imposed on a single iron rotor. The VR stepper motor gets
around this by substituting iron teeth (of which there can be many) for magnetized
poles on the rotor. This approach allows for a small step angle, but it sacrifices the
strength and detent torque qualities of the PM motor. The hybrid motor can effec-
tively magnetize a multitoothed rotor and thus has the desirable properties of both
the PM and VR motors.

Figure 8.17 illustrates the internal workings of the hybrid motor, which is con-
siderably more complicated than the simple PM motor. The rotor consists of two
toothed wheels with a magnet in between—one wheel being completely north in mag-
netization and the other being completely south. For each step, two opposing teeth on
the north wheel are attracted to two south field poles, and two opposing teeth on the
south wheel are attracted to two north field poles. The internal wiring is more com-
plicated than it is for the PM or VR motors, but to the outside world this motor is just
as simple to control.

The theory of operation of the hybrid motor is similar to the VR motor in that the
rotor and stator have a different number of teeth, and for each step, the closest ener-
gized teeth are pulled into alignment. However, the principles of magnetics require that,
at any one time, half the poles be north and the other half be south. To maintain the
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Figure 8.17
Internal construction
of the hybrid stepper
motor (only two
poles per stator
shown for clarity).

magnetic balance, each pole must be able to switch polarity so that it can present the
correct pole at the correct time. This is accomplished in one of two ways: For a bipo-
lar motor, the applied voltage must be reversed by the driver circuit (similar to the two-
phase PM motor). On the other hand, a unipolar motor has two separate windings of
opposite direction on each field pole (called a bifilar winding), so each pole can be a
north or a south. Therefore, the unipolar hybrid motor does not require a polarity-revers-
ing driver circuit.

Figure 8.18 shows a specification sheet for a family of 1.8° hybrid stepping motors.
For example, the 17PM-K016V draws 0.4A at 8.8 V and has a holding torque of 1500
gm - cm (20.8 in. - 0z) and a detent torque of 80 gm - cm (1.1 in.-0z). (Note: There are
72 gm - cm per in. - 0z.)

8.4 STEPPER MOTOR CONTROL CIRCUITS

Figure 8.19 shows the block diagram for a stepper motor driving circuit. The controller
decides on the number and direction of steps to be taken (based on the application). The
pulse sequence generator translates the controller’s requests into specific stepper motor
coil voltages. The driver amplifiers boost the power of the coil drive signals. It should
be clear that the stepper motor is particularly well suited for digital control; it requires
no digital-to-analog conversion, and because the field poles are either on or off, effi-
cient class C driver amplifiers can be used.
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Figure 8.18
Hybrid stepper motors.
(Courtesy of NMB Corp.)
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Figure 8.19
Block diagram of
stepper motor
control circuit.

Figure 8.20
Two-phase (bipolar)
stepper motor
operation.

Driver  Motor
amps  coils

CcCw
(pulses) Pulse
Controller sequence
Cw generator
(pulses)

Controlling the Two-Phase Stepper Motor

Controlling the two-phase bipolar stepper motor requires polarity reversals, making it
more complicated than four-phase motor controllers. Figure 8.20 shows a two-phase
stepper motor. The two circuits are designated AB and CD. The timing diagram shows
the required waveforms for A, B, C, and D (CCW rotation). Looking down the position
1 column in Figure 8.20(b), we see A is positive and B is negative, so current will flow
from A to B in circuit AB. Meanwhile C and D are both negative, effectively turning
off circuit CD. For position 2 in the timing diagram, C is positive, and D is negative;
causing current to flow from C to D in circuit CD while coil AB is completely off, and
so on, for positions 3 and 4.

A digital circuit such as the one shown in Figure 8.21(a) can be used to generate
the timing waveforms. The up/down counter is a 2-bit counter that increments for each
pulse received on its Up input and decrements for each pulse received on the Down
input. @ and Q, of the up/down counter are decoded in a 2-to-4 decoder. As the counter
is always in one of four states (00, 01, 10, 11), one (and only one) of the four decoder
outputs is “high” at any particular time. Figure 8.21(b) shows the output of the decoder
when the counter counts up (a result of CCW pulses from the controller).

Positions

—

(a) Rotor positions (b) Timing diagram . o
(for CCW stepping “single excitation”)
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(a) Circuit

Figure 8.21
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(b) Output of 2-to-4 decoder

Complete interface circuit
for a two-phase (bipolar)

stepper motor.

The next task is to connect the timing signals from the decoder in such a way as
to drive the motor coils. This can be accomplished with the power amplifier circuit
shown on the right side of Figure 8.21(a). Notice there are four complementary-sym-
metry drivers, one for each end of each motor coil. When Q, and Q, are on, the cur-
rent can flow through the motor in the direction shown (left to right). On the other
hand, when Q, and Q, are on, the polarity is reversed, and the current flows the oppo-
site direction through the motor (right to left). Finally, if Q, and Q; are off, no current
flows through the motor coil.

The four outputs of the decoder (which must be inverted in this case) control the
four complementary-symmetry transistor circuits. The resistor and zener diode in each
circuit cause the upper transistor to be on when the lower transistor is off, and vice
versa. Trace through the circuit for each step of the decoder, and you will see that the
timing diagram of Figure 8.20(b) is reproduced. This arrangement will provide for the
motor to step CCW when the counter counts up. When the counter counts down, the
sequence will be backward, and the motor will step CW.

Controlling the Four-Phase Stepper Motor

The electronics needed to drive the four-phase stepper motor is simpler than for a two-
phase motor because polarity reversals are not required. Figure 8.22 identifies the coils
in a four-phase motor and shows the timing diagram for simple single-excitation CW
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Figure 8.22
Four-phase (unipolar)
stepper motor operation.

Figure 8.23
Complete interface
for a four-phase
stepper motor
(simplified for
clarity).

(a) Rotor positions

Positions
1 2 3 4

D [ 1

(b) Timing diagram for CW stepping

stepping. The timing is very straightforward and can easily be generated with the
counter and decoder circuit shown in Figure 8.23.

The outputs of the decoder (Figure 8.23) are connected to four Darlington driver
transistors. As timing signals A, B, C, and D go high in sequence, the corresponding
transistors are turned on, energizing coils in the motor. The necessary four Darlingtons
are available on a single IC such as the Allegro ULN-2064/65B (Figure 8.24). These
amplifiers can supply up to 1.5 A and can be driven directly from TTL 5-V logic.
(Note the diode to allow an escape path for current in the coil when the transistor is
turned off.)

cCw

CW

Up Q,
Qy

Up/down
counter

Down

2-to-4
decoder
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Figure 8.24 ICs designed specifically to drive stepper motors contain both the timing logic and
The Allegro ULN-

2064B with four
Darlington 1.5-A
switches. (Courtesy of
Allegro MicroSystems)

power drivers in one package. One example is the Allegro UCN-5804B (Figure 8.25).
The basic inputs are the step input (pin 11) and direction (pin 14). The motor will advance
one step for each pulse applied to the step input pin, and the logic level on the direction
pin determines if rotation will be CW or CCW. Notice that the output transistors are in
the common emitter configuration (called open collector). The motor coils should be
connected between the output pins and the supply voltage (as shown). When an output
transistor turns on, it completes the circuit by providing a path to ground for the motor
coil current. The three operating modes of the UCN-5804B are given in tabular form
in Figure 8.25(b), and will be explained using Figure 8.26:

1. Figure 8.26(a) shows how the motor responds to the wave-drive sequence, a single-
excitation mode where the coils A, B, C, and D are energized one at a time in
sequence.

2. Figure 8.26(b) shows how the motor responds to the two-phase drive sequence, a
dual-excitation mode where two adjacent phases are energized at the same time to
give more torque.

3. Figure 8.26(c) shows how the motor responds to the half-step drive sequence, where
the operation alternates between single- and dual-excitation modes, yielding eight
half-steps per cycle.

Microstepping

Microstepping, a technique that allows a stepper motor to take fractional steps, works
by having two adjacent field poles energized at the same time, similar to half-steps
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Figure 8.25

A unipolar stepper motor
translator/driver (Allegro UCN-5804B).
(Courtesy of Allegro MicroSystems)
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Figure 8.27
Microstepping.

4/5 step

3/5 step
Pole 1 | Pole 2 | Position

1 /s step 5V OV | Pole 1 (full step)
/ 4v 1V | 4 step
4 2 3V 2V S/5 step
2V 3V 2/5 step
1V 4V 1/5 step

3

oV 5V Pole 2 (full step)

2V

described earlier. In microstepping the adjacent poles are driven with different voltage
levels, as demonstrated in Figure 8.27(a). In this case, pole 1 is supplied with 3 V and
pole 2 with 2 V, which causes the rotor to be aligned as shown—that is, three-fifths of
the way to pole 1. Figure 8.27(b) shows the voltages (for poles 1 and 2) to get five
microsteps between each “regular” step. The different voltages could be synthesized
with pulse-width modulation (PWM). The most commonly used microstep increments
are 1/5, 1/10, 1/16, 1/32, 1/125, and 1/250 of a full step. Another benefit of microstep-
ping (for delicate systems) is that it reduces the vibrational “shock” of taking a full
step—that is, taking multiple microsteps creates a more “fluid” motion.

Two other points on microstepping: It does not require a special stepper motor, only
special control circuitry, and the actual position of the rotor (in a microstepping sys-
tem) is very dependent on the load torque.

Improving Torque at Higher Stepping Rates

It is important that the stepper motor develop enough torque with each step to drive the
load. If it doesn’t, the motor will stall (not step). When steps are missed, the controller
no longer knows the exact position of the load, which may render the system useless.
At higher stepping rates, two problems occur. First, if the load is accelerating,
extra torque is needed to overcome inertia; second, the available motor torque actually
diminishes at higher speeds. Recall that motor torque is directly proportional to motor
current and that the average current decreases as the stepping rate increases. This is
illustrated in Figure 8.28, which shows the motor current for three stepping rates. The
problem is that the rate of change of current is limited by the circuit-time constant T.
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Figure 8.28
Coil current as
a function of
stepping speed.

Figure 8.29
Effect of adding
an external ballast
resistor.

| | | | | |
2 4 6 8 10 Time (ms) 2 4 6 Time (ms) 2 4 Time (ms)

(a) 100 steps/second (b) 500 steps/second (c) 1000 steps/second
L
T=— 8.1)
R
where

T = time constant
L = motor inductance
R = motor coil resistance

You can see that as the stepping rate increases the current cannot build up in the field
coils to as great a value. If we could reduce the value of the motor-time constant, the
current could build up faster. One way to do this would be to increase the value of R in
Equation 8.1. This can easily be done by adding external resistors (R) in series with the
motor coils as shown in Figure 8.29(a). Such resistors are called ballast resistors, and
their purpose is to improve the torque output at higher stepping rates (it also limits the
current, which may be important in some cases). Stepper motor driver circuits that use
ballast resistors are called L/R drives. Figure 8.29(b) shows the motor current with the
ballast resistor added (for a rate of 1000 steps/second). Compare this with the last graph
in Figure 8.28 to see the improvement.

el
~
1
L Ballast

R /resistors

M Time
~

(a) Motor coils and ballast resistors (b) Coil current at 1000 steps/second

with ballast resistor
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Figure 8.30
Principle of a
bilevel drive.

Figure 8.31
A bilevel-drive
circuit.

1
25V 12V
25V o— P NN
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Time
(a) Circuit (b) First, 25 V is applied, then 12 V

Another way to improve motor torque at higher stepping rates is to use bilevel drive.
In this approach, a high voltage is momentarily applied to the motor at the beginning of
the step to force a fast in-rush of current. Then a lower voltage level is switched on to main-
tain that current. Figure 8.30(a) shows a simplified circuit to provide bilevel drive. The 25-
V circuit is switched on, and the current rises rapidly [Figure 8.30(b)]. When the desired
current level is reached, the 25-V circuit is switched off, and the 12-V circuit is switched
on, which keeps the current at the desired level for the rest of the step time.

Figure 8.31 shows a bilevel-drive interface circuit. In this case, the higher voltage is 12
V, and the lower voltage is 5 V. The 12-V is switched through either Q5 or O, in response
to a pulse from a timing circuit (not shown). The 5-V is applied through D, and D,. These
diodes keep the 12-V pulses from backing up into the 5-V power supply. The bilevel drive
is more complex but allows the stepper motor to have more torque at higher stepping rates.

Another approach for providing higher torque at faster stepping rates is the con-
stant current chopper drive. Using PWM techniques, this driver circuit can deliver
almost the same current to the motor at all speeds. A chopper-drive waveform is shown
in Figure 8.32 and works in the following manner: A relatively high voltage is switched
to the motor coil, and the current is monitored. When the current reaches a specified
level, the voltage is cut off. After a short time, the voltage is reapplied, and the current

12V

=8 5V 065*

D, D,

Coil A Coil C Coil B Coil D

Q, Qs
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Figure 8.32

A PWM (chopper
drive) used to regulate
stepper motor coil
current.

Step
pulse
duration
PWM
voltage
Average 1
Coil Average 1
current M
(a) Higher average coil current (b) Lower average coil current

again increases, only to be cut off, and so on. Thus, in the same way that a thermostat
can maintain a constant temperature by switching the furnace on and off, the chopper
drive maintains a constant average current (within each drive pulse) by rapidly switch-
ing the voltage on and off. In summary, the chopper drive is another technique for pro-
viding good torque at high stepping rates. Stepper motor driver ICs are available, such
as the Allegro A2919SB, with built-in PWM constant current capability.

8.5 STEPPER MOTOR APPLICATION:
POSITIONING A DISK DRIVE HEAD

Example 8.3 illustrates many of the principles presented in this chapter and extends the
discussion to show how software can control a stepper motor.

EXAMPLE 8.3

A 30° four-phase stepper motor drives the read/write head on a floppy disk
drive (Figure 8.33). The in-and-out linear motion is achieved with a leadscrew
connected directly to the motor shaft. Each magnetic track on the disk is 0.025
in. apart (40 tracks/in.). The leadscrew has 20 threads/in.

The motor is driven by the UCN-5804B stepper motor interface IC. This
IC requires only two inputs: step input and direction. A computer will supply
these signals in response to toggle switch settings. A front panel contains eight
toggle switches; seven are used to input (in binary) the number of tracks to
move, and the eighth switch specifies direction—in or out. Write a program
in BASIC that will cause the motor to step the number of tracks and direction
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Figure 8.33

The hardware setup
for the stepper motor
(Example 8.3).
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specified by the switch settings. Assume your computer hardware has an 8-bit
input port and an 8-bit output port.

SOLUTION

First we need to find the number of steps required to advance one track on
the disk. If the leadscrew has 20 threads per inch, then rotating it one revo-
lution (360°) will advance it 1 thread, which is ' in. The following equa-
tion was set up by multiplying all the component transfer functions,
including conversion factors as necessary (and oriented so that, if possible,
the units would cancel):
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Figure 8.34
Flowchart for a
program to drive
a stepper motor.
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Thus, the stepper motor must take six steps to advance one track on the disk.

The program must first read the switches, then calculate the required
number of steps, and, finally, output the step command pulses, one by one, to
the UCN-5804B. The direction bit must also be read and passed along to the
UCN-5804B. Figure 8.34 shows a simplified flowchart of the program.

The next step is to translate the flowchart into a BASIC program. The
complete program, along with line-by-line explanations, is given in Table
8.1. As shown in Figure 8.33, the input port receives the 8 bits from the
switches. For output, only 2 of the 8 bits are used: the least significant bit
(LSB) (D,)) for the step input pulse and the most significant bit (MSB) (D)
for the direction command. The step input pulse is created by making the
output (D) go “high” for a period of time and then bringing it “low” for a
period of time. The direction bit, brought in as the MSB from the switches,
is simply passed on through by the program and sent out as the MSB (actu-
ally it is stripped off the input data and added back later to the output word).
The parallel I/O port addresses would, of course, depend on the system being
used; in this case, the input switch port is 209 (decimal), and the output port
to the motor has an address of 208 (decimal).
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TABLE 8.1
BASIC Program to Control a Disk Drive Head

Instruction Explanation
10 SW = INP(2009) Input 8 bits of switch data.
20 IF SW < 128 THEN If MSB = 0, then the direction bit = 0.
DIR = 0
ELSE
DIR = 128 Otherwise, set direction bit = 1 (10000000 = 128)
SW = SW - 128 and remove the MSB to leave the number of tracks.
END IF
30 PUL = SW*6 Calculate the number of pulses needed at 6 pulses
per track.
40 REM***** SEND PULSES***%*
50 FOR I = 1 TO PUL Prepare to send PUL (number of pulses).
60 HIGH = 1 + DIR Make the LSB a 1 and add a direction bit.
70 ouT 208, 1 Send out a “high” for the step pulse.
80 FOR J=1 TO 100 This is the time-delay loop for the pulse width.
90 NEXT J
100 LOW = 0 + DIR Make the LSB a 0 and add a direction bit.
110 ouT 208, 0 Send out a “low” to define the end of the pulse.
120 FOR J = 1 TO 100 This is the time-delay loop for the pulse being “low.”
130 NEXT J
140 NEXT I Go back and send the next pulse.
END
SUMMARY

A stepper motor, a unique type of DC motor, rotates in fixed steps of a certain num-
ber of degrees: 30°, 15°, 1.8°, and so on. The rotor (the part that moves) is made of per-
manent magnets or iron and contains no coils and therefore has no brushes. Surrounding
the rotor is the stator, which contains a series of field pole electromagnets. As the
electromagnets are energized one after the other, the rotor is pulled around in a cir-
cle. Stepper motors used in position systems are usually operated open-loop, that is,
without feedback sensors. The controller will step the motor so many times and expect
the motor to be there.

The permanent magnet (PM) stepper motor uses permanent magnets in the rotor.
This type of motor has a detent torque—a small magnetic tug that tends to keep it in
the last position stepped to, even when the power is removed. PM motors have good
torque capability but cannot take very small steps. The field coils of the PM motor can
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be driven in the two-phase or four-phase mode. The two-phase mode requires polarity
reversals. Four-phase operation does not require polarity reversals and the timing is
more straightforward.

The variable reluctance (VR) stepper motor uses a toothed iron wheel for the rotor
(instead of permanent magnets). This allows VR motors to take smaller steps, but they
are weaker and have no detent torque.

The hybrid stepper motor combines the features of both the PM and VR stepper motors
and is the type in most common use today. Hybrid motors can take small steps (typically
1.8°) and have a detent torque. The internal construction of the hybrid motor is more com-
plicated than the PM or VR motors, but the electrical operation is just as simple.

Stepper motors are driven from digital circuits that provide the desired number of
stepping pulses (in the correct order) to the field coils. These pulses must usually be ampli-
fied with driver transistors (operating as switches) before being applied to the motor coils.
ICs are available that can provide the proper sequencing and amplification in one chip.

GLOSSARY

ballast resistor A resistor placed in series with the motor coils to improve the torque
at higher stepping rates; it works by reducing the motor-time constant.

bilevel drive A technique that uses two voltages to improve torque at higher stepping
rates. A higher voltage is applied to the motor at the beginning of the step, and then a
lower voltage is switched in.

bipolar motor A motor that requires polarity reversals for some of the steps; a two-
phase motor is bipolar.

constant current chopper drive A drive circuit for stepper motors that uses PWM
techniques to maintain a constant average current at all speeds.

cumulative error Error that accumulates; for example, a cuamulative error of 1° per
revolution means that the measurement error would be 5° after five revolutions.

detent torque A magnetic tug that keeps the rotor from turning even when the power
is off; also called residual torque.

dynamic torque The motor torque available to rotate the load under normal conditions.

eight-step drive A two- or four-phase motor being driven in half-steps; the sequenc-
ing pattern has eight steps.

four-phase stepper motor A motor with four separate field circuits; this motor does
not require polarity reversals to operate and hence is unipolar.

four-step drive The standard operating mode for two- or four-phase stepper motors
taking full steps; the sequencing pattern has four states.
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half-steps By alternating the standard mode with dual excitation mode, the angle of
step will be half of what it normally is.

holding torque The motor torque available to keep the shaft from rotating when the
motor is stopped but with the last field coil still energized.

hybrid stepper motor A motor that combines the features of the PM and VR step-
per motors—that is, it can take small steps and has a detent torque.

L/R drive A stepper motor driver circuit that uses ballast resistors in series with the
motor coils to increase torque at higher stepping rates.

microstepping A technique that allows a regular stepper motor to take fractional
steps; it works by energizing two adjacent poles at different voltages and by balancing
the rotor between.

permanent-magnet (PM) stepper motor A motor that uses one or more permanent
magnets for the rotor; this motor has a detent torque.

phase The number of separate field winding circuits.
rotor The internal part of the stepper motor that rotates.

single-step mode Operating the motor at a slow enough rate so that it can be stopped
after any step without overshooting.

slew mode Stepping the motor at a faster rate than the single-step mode; used to move
to a new position quickly. The motor will overshoot if the speed is not ramped up or
down slowly.

stalling A situation wherein the motor cannot rotate because the load torque is too great.

stator The part of a stepper motor that surrounds the rotor and consists of field poles
(electromagnets).

stepper motor A motor that rotates in steps of a fixed number of degrees each time
it is activated.

three-phase stepper motor A motor with three separate sets of field coils; usually
found with VR motors.

two-phase stepper motor A motor with two field circuits. This motor requires polar-
ity reversals to operate and hence is bipolar.

unipolar motor A motor that does not require polarity reversals. A four-phase motor
is unipolar.

variable-reluctance (VR) stepper motor A motor that uses a toothed iron wheel for
the rotor and consequently can take smaller steps but has no detent torque.
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EXERCISES
Section 8.1

1.

W

A 15° stepper motor is commanded to go 100 steps CW and 30 steps CCW from a
reference point. What is its final angle?

A 7.5° stepper motor is commanded to go 50 steps CCW, 27 steps CW, and 35
steps CCW again. What is its final angle (referenced from its original position)?
Why can a stepper motor be operated open-loop in a control system?

What is the detent (or residual) torque in a PM stepper motor, and what causes it?
A stepper motor is being used as a crane motor in an expensive toy. The motor has
the following properties: Holding torque = 35 in. - 0z, dynamic torque = 20 in. - 0z,
and detent torque = 5 in. - oz. The motor turns a 1.5-in. diameter pulley around
which a string is wound. How much weight can the crane lift? How much weight
can the crane continue to support with the power on; with the power off?

List the stepping sequence you would use to make the two-phase motor of Figure
8.8 rotate CW.

List the stepping sequence you would use to make the two-phase motor of Figure
8.9 operate as an eight-step drive (CCW).

List the stepping sequence you would use to make the four-phase motor of Figure
8.12(a) operate as an eight-step drive (CCW).

Section 8.2

9.
10.

Explain the principle of operation of a VR stepper motor.
Does a VR stepper motor have a detent torque? Explain.

Section 8.3

11.
12.

Explain the principle of operation of a hybrid stepper motor.
What are the advantages of the hybrid stepper motor?

Section 8.4

13.

14.
15.
16.

A 5-V stepper motor is to be microstepped with one-tenth steps. List the voltage
table required for this [similar to Figure 8.27(b)].

‘What is the purpose of a ballast resistor on a stepper motor drive, and how does it work?
What is the purpose of bilevel drive, and how does it work?

How does a chopper drive improve torque at higher stepping rates?

Section 8.5

17.

A 1.8° stepper motor turns a leadscrew that has 24 threads per inch.
a. How many steps will it take to advance the leadscrew 1.25 in.?
b. What is the linear distance the leadscrew advances for each step?
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18. A 7.5° stepper motor (four phase), controlled by a computer, is used to position a
telescope through a gear train. The telescope must be positioned to within 0.01°.
A front panel has toggle switches that are used to specify how far the telescope is
to move (LSB = 0.01°). The total range of the telescope is 0-60°.
a. How many toggle switches would be required?
b. What gear ratio would you specify?
c. Draw a block diagram of the system, showing all parts of the system and spec-

ifying the gear ratio.



CHAPTER 9

Alternating Current Motors

OBJECTIVES

After studying this chapter, you should be able to:

* Describe the characteristics of single-phase AC and three-phase AC motors.

* Understand the principles of operation of the AC induction motor.

* Explain how single-phase induction motors are started, including the con-
cept of run and start windings and start capacitors.

* Explain how to reverse the two-phase (split-phase) motor.

* Understand the principles of operation of the synchronous motor.

* Describe the concept of power factor and power-factor correction.

e Understand the principles of AC motor control, including start-stop control,
jogging, reduced voltage starting, and variable-speed control with a DC link
converter.

INTRODUCTION

In terms of sheer numbers, the AC induction motor (Figure 9.1) is the most widely used type
of electric motor in the modern world. AC motors are primarily used as a source of con-
stant-speed mechanical power but are increasingly being used in variable speed-control
applications. They are popular because they can provide rotary power with high efficiency,
low maintenance, and exceptional reliability—all at relatively low cost. These desirable
qualities are the result of two factors: (1) AC motors can use the AC power “right off the
lines.”—DC motors require the added expense of a rectifier circuit; (2) most AC motors do
not need brushes as DC motors do. In most cases, the AC power is connected only to the
motor’s stationary field windings. The rotor gets its power by electromagnetic induction, a
process that does not require physical electrical contact. Maintenance is reduced because
brushes do not have to be periodically replaced. Also, the motor tends to be more reliable
and last longer because there are fewer parts to go wrong and there is no “brush dust” to
contaminate the bearings or windings.

377
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Figure 9.1
An AC induction
motor.

Despite these advantages, there is a problem with using AC motors in control sys-
tems: These high-efficiency AC motors are by nature constant speed, and control systems
usually require the motor speed to be controllable. As you recall, the speed of a DC
motor can be controlled by simply adjusting the applied voltage. For complete speed
control of an AC motor, both voltage and frequency must be adjusted, which requires
using special electronic speed-control circuitry, such as the volts-per-hertz (V/Hz) drive
or the vector drive (discussed later in this chapter).

Still, the most common use of AC motors is for the many applications where speed
control is not necessary. Included here are fans, pumps, mixers, machine tools, hydraulic
power supplies, and household appliances, to name but a few.

Like DC motors, AC motors come in all sizes. Integral-horsepower (HP) motors
are those with a power rating of 1 hp to over 1000 hp, and fractional-horsepower (HP)
motors are those rated less than 1 hp. Typically, the larger motors use three-phase AC
power with voltages from 208 to 600 Vac, and the smaller motors use single-phase AC
power, with either 120 Vac or 240 Vac.

There are a number of different types of AC motors. The most common by far is
the general-purpose induction motor, which is the familiar type found in major appli-
ances and in machine shops. Other types of AC motors include the synchronous motor,
the AC servomotor, and the universal motor.

9.1 ACPOWER

Background

Thomas Edison proposed the first power-distribution system, which was to be a DC sys-
tem. A major drawback of this proposed system was that the power consumer had to be
within 10 miles or so of the generating station because of the significant power losses
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Figure 9.2
120/240 Vac single-
phase power.

along the wires. Then in the early 1900s, Nikola Tesla invented the AC motor and gen-
erator, and with George Westinghouse built a large AC-generating station at Niagara
Falls, New York. This system demonstrated the tremendous advantage of using AC for
power distribution, namely, much reduced line losses. This is achieved by using a trans-
former at the generating station to increase the voltage and reduce the current. Thus mod-
ified, the power can be transmitted through smaller wires with much less power loss. At
the destination site, another transformer reduces the voltage back to usable levels (and
increases the current). Because transformers work only with AC, the AC system was des-
tined to become the standard commercial form for transmitting electric power.

Single-Phase AC

Before discussing how AC motors work, let’s briefly review exactly what AC power is.
The simplest form of AC, and the kind most people are familiar with, is single-phase AC,
the standard diagram of which is shown in Figure 9.2(a). How does this sine-wave dia-
gram relate to the actual instantaneous voltages that would be found on prongs A and B
of a standard power plug [Figure 9.2(a)]? To really understand AC, we must go back to
the original definition of voltage, which is the difference in potential between two points
(notice it says nothing about ground). Therefore, the sine wave in Figure 9.2(a) is show-
ing only the voltage difference between prongs A and B for one complete cycle. For exam-
ple, in the first half of the cycle, prong A is more positive than B by up to 170 V. At exactly
midcycle (180°), there is no voltage difference between A and B. During the second half
of the cycle, prong A has a negative voltage with respect to B. The power company main-
tains the voltage of prong B at ground, which means it is not only the return path for the
current but also is actually connected to a metal rod driven into the earth. Therefore, the
wire that goes to the wide prong (B) is called the neutral, return wire or cold side (usu-
ally white in color) and is theoretically safe to touch. (However, this is not recommended
because it could be wired wrong!) The wire going to prong A is called the hot side because
it carries the voltage (usually black in color and should definitely not be touched!). The

Voltage on prong A
with respect to B

Vag | | /

90°  180° 270° 360° A (hot) —

170V -

B (neutral)

Ground
-170V |

(a) 120 Vac waveform and plug
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Figure 9.2
(cont.)

Figure 9.3
Two types of
connections for
three-phase AC.

Junction box

! I
! I
! I
! I
! Circuit Black (hot) ! A
t : breaker Safety ground : — ﬂ
120Vac | : - °
¥ [ White (neutral) | -
240 Vac ? I | B
1
120Vac | 1
! I
' ! i
' l

Rod driven into earth

(b) 120 Vac power-distribution circuit

third pin on the plug [Figure 9.2(b)] is the safety ground and is kept separate from the
neutral wire until the actual grounding point. This ground wire is typically connected
to the chassis or motor frame, which prevents you from getting a shock from touching
the equipment because it is at the same potential as the earth.

The highest instantaneous voltage on (prong A) is 170 V (called Vp, ) and is con-
siderably higher than the AC designation of 120 Vac (called V) because the number
120 represents the effective voltage if the power content were constant over the whole
cycle. Single-phase AC is supplied as 120 Vac and 240 Vac [usually combined together
on three wires as shown in Figure 9.2(b)]. Fractional hp motors are commonly 120 Vac,
and larger motors usually use 240 Vac. There are three common line frequencies in use—
60 Hz in the United States and Canada, 50 Hz in most of the rest of the world, and 400
hz on many aircraft and shipboard systems. (The higher frequency reduces the amount
of iron required in transformers and motors and thus reduces the weight.)

Three-Phase AC

Single-phase AC is the most common form of power in homes and businesses, but it is
not the best type of AC for transmitting power or running AC motors. That distinction

(a) Wye-connection (b) Delta-connection
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Figure 9.4

A three-phase
power system
(wye-connection).

Figure 9.5
Three-phase
AC waveforms.

c B

|
(Generator) (Load)

belongs to three-phase AC, which is more complicated; however, because of its advan-
tages, it is used extensively by heavy power users.

Three-phase power is created by a three-phase generator that has three separate field
windings spaced 120° apart. Two configurations are possible: the wye-connection (or
Y-connection), shown in Figure 9.3(a), and the delta-connection (or A-connection),
shown in Figure 9.3(b). A schematic of a wye-connection generator is shown in the left
side of Figure 9.4. One end of each coil is connected to a common wire labeled N (neu-
tral), and the other ends of the coils are labeled A, B, and C, which are the three-phase
outputs. The relationship of phase voltages A, B, and C is presented in Figure 9.5, which
shows each phase voltage with respect to neutral. Each phase makes a complete cycle in
one period and is 120° apart; at any particular time, all phases add to 0 V (for example,
add the magnitudes of the three voltages when ¢ =0). Notice in Figure 9.5 that the phase
sequence is ABC (first A, then B, then C). The other possible sequence would be ACB.

Typically, three-phase power is distributed within a facility as wye-connected. Figure
9.4 shows a complete wye-connected system where a three-phase generator is connected to
a three-phase load (such as a three-phase motor). If all the load impedances (Z,, Z,, and Z;)
are the same, then the system is said to be balanced, and there would actually be no current
in the neutral wire. Under these conditions, the neutral wire could be removed, and the motor

A B C

—
-~
o

< 120° —~—120°—
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would continue to run just fine. In real life, it is unlikely that any particular facility would
present a purely balanced load to the power lines, because each phase voltage, if considered
separately, can be used as a standard single-phase voltage. Therefore, a single-phase load
such as a light bulb could be (and frequently is) connected between one of the phase volt-
ages and neutral. The system would now be unbalanced, and some current will flow in the
neutral wire. In practice, effort is made to keep the load on each phase equal. Finally, the
specified line voltage of a three-phase wye-connected system is the vector sum of two indi-
vidual phase voltages in series. This relationship is given in Equation 9.1:

=\V3vV

For wye-connected: V| Phase

(CAY

ine

Viie = three-phase line voltage (voltage between any two lines)

Venase = individual phase voltage (voltage across one coil, which for a wye system
is also the voltage between a line and neutral)

For a delta-connected system, the line and phase voltages are the same.

EXAMPLE 9.1

A three-phase wye-connected system has individual phase voltages of 120 Vac.
Find the three-phase line voltage.

SOLUTION
Using Equation 9.1,
Viine = V3 Voo = 1.73 X 120 Vac = 208 Vac

Wye-connected three-phase power is mainly used for distribution within a facility
because the neutral wire allows separate single-phase loads to be pulled off as needed.
Delta-connected systems have no neutral wire and are inherently balanced. The power
company typically uses three wires to transmit the three-phase power over the power
lines. Once at the site the power is easily converted to wye-connected power with spe-
cial transformers designed for that purpose. Three-phase transformers can be made as
one unit or from three single-phase transformers (see Figure 9.6).

Electrical Safety

Electricity can injure, permanently disfigure, or kill human beings. Strickly speaking,
it’s not the voltage but the current that does the damage. Large currents, above 2 amps,
literally cook the flesh, causing severe burns that heal slowly if at all. Currents between
1 and 2 amps damage nerve centers, can cause temporary or permanent paralysis, and
may be lethal if the heart is involved. A current in the range of 100-200 mA causes the
muscles to flutter uncontrollably; here again, if the heart is involved, it stops working
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(a) True three-phase delta-wye transformer (b) Three single-phase transformers connected

Figure 9.6
Three-phase delta-wye
transformers.

Figure 9.7
Issues in electrical
safety.

as a delta-wye

properly. This is probably the most common form of death by electrocution. Currents
from 25 to 75 mA may cause unconsciousness. This may actually save the unconscious
person, who may collapse and so disengage. Currents around 25 mA tend to make the
muscles contract and “lock up” (a horrible situation because the victim can’t let go).
Even smaller-current shocks are dangerous, because they can cause a person to jump
or lurch violently and perhaps hit something or fall.

How does current enter the body? By touching two different electrical potentials
at the same time (usually the high voltage and ground). In such a case, the body com-
pletes the electric circuit and current flows. The amount of current depends on the volt-
age and the resistance of the body. The resistance of dry skin is high enough so that a
person doesn’t even start to feel a shock until around 50 V; but by 120 V a painful shock
is felt. Wet skin offers less electrical resistance, so any voltage delivers more of a shock
if the skin is wet. Two examples of a person being shocked are shown in Figure 9.7. In
Figure 9.7(a) the man is touching the voltages with both hands, so the current path goes
near his heart—a very dangerous situation. If you must work around high voltages, it

T OR
K )
Y U

High
Voltage Voltage

(a) When voltage is touched with both (b) When voltage is touched with one
hands, current goes through the one hand, current is away from
heart the heart
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Figure 9.7
(cont.)

Tag

(c) Switch box that can be padlocked in
the off position

is much safer to use only one hand as shown in Figure 9.7(b), because the probable cur-
rent path is then far away from the heart.

Electrical safety depends on two things: safe equipment and safe practices. Safe
equipment means that all high-voltage surfaces are covered in some way to prevent
accidental contact. In high-voltage areas, placing rubber mats on the floor and using of
rubber gloves and nonconductive fiberglass ladders (if needed) will reduce the possi-
bility of personnel getting shocked. All chassis, cases, and surrounding metal (as well as
the neutral power line) should be well connected to earth ground. This promotes safety,
because if a high-voltage line got loose and somehow touched the case (or developed
a “short” to the case), the resulting current would be dumped to ground, but the case
itself would stay at a safe ground voltage (as illustrated back in Figure 3.43).

People who work around high voltages must follow some basic safety rules:

1. Always turn off the power before you work on the equipment.

2. If equipment can’t be unplugged (for example, a huge printing press occupying many
square feet), then be sure its power feed line goes through a switch box that can be
padlocked in the off position [see Figure 9.7(c)] Before you work on the equipment,
you would lock the switch in the off position and put a paper tag on the switch stat-
ing who you are and letting people know that you are in there working on the equip-
ment. When you are finished working, you remove your tag and lock. No one should
be allowed to remove it but you (under normal circumstances).

3. Even if you have turned the power off at the master switch, there is always the pos-
sibility that you locked the wrong switch or that it is miss-wired. To be sure, you
should actually measure the high-voltage line with a meter (or two different meters)
to confirm that the power really is off.
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4. Once you have verified that the power is off, you can temporarily jumper the high-
voltage line to ground, which will protect you should someone, somehow, turn the
power back on before you are finished. (However, this practice is appropriate only
if there are protective relays in the line that will open when there is a short circuit.)

Ground-Fault Interrupters

The principle of a ground-fault interrupter (GFI) is to disconnect the power if a cur-
rent leakage to ground is detected. There are two types of GFIs: those designed for life
protection and those designed for equipment protection.

A GFI used for life protection is to prevent shock hazard, particularly in bath-
rooms and around water. Without a GFI, a person who touches a hot wire while stand-
ing in water or on a wet floor will get shocked because his or her body provides an
electrical path to ground. The GFI circuit opens a circuit breaker quickly if it senses
that more current is in the hot wire than in the neutral wire, indicating that the cur-
rent has found an alternate path to ground—that is, through someone’s body. Figure
9.8 shows a GFI used for life protection. Notice that power-line conductors pass
through a toroidal coil. If this coil senses any (current) unbalance, a solid-state cir-
cuit directs a circuit breaker to open.

A GFI used for equipment protection is to prevent equipment damage and possi-
bly fire due to internal arcing. Under normal circumstances, a current should not flow
in the safety ground wire. For example, in Figure 9.2(b), the motor current should flow
only through the hot and neutral wires, not in the ground wire. Only if there is a short
circuit or fault between the hot wire and the motor chassis will there be a current in the
ground wire. The fault might not draw enough current to trigger the overload device,
but nonetheless could be a fire hazard. The GFI monitors the current in the ground wire
and opens a circuit breaker if the current exceeds a preset level.

9.2 INDUCTION MOTORS

By far the most commonly used type of AC motor is the induction motor, the simple, reli-
able, “workhorse” that powers most domestic and industrial machines. The basic parts of
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Figure 9.9
An induction
motor.

(a) Frame Rotor

(b) Assembled motor

the induction motor are the frame, stator, and rotor [Figure 9.9(a)]. The stator consists
of the stationary field coil windings. The rotor is positioned inside the stator and rotates
as a result of electromagnetic interaction with the stator. The frame supports the stator
and rotor in the proper position shown in [Figure 9.9(b)].

Theory of Operation

The theory of operation of the AC induction motor has some similarities to that of the
stepper motor or BLDC (brushless DC motor). Recall that those motors work by having
their field poles energized in sequence around the stator. The rotor is pulled around
because it is attracted to the sequentially energized poles. With stepper motors and
BLDCs, special switching circuits are required to turn the field windings on and off.
The AC motor also works by rotating the stator field, but it makes use of the natural
alternating nature of the AC wave to turn the field coils on and off sequentially. The AC
induction motor does not need brushes because the rotor is essentially a passive device
that is continuously being pulled in one direction. To use an old analogy, the rotor is
the “horse,” and the rotating stator field is the “carrot.”
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Figure 9.10

How two-phase

AC causes a

rotating field. Stator
windings
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0° 45° 90° 135°

To explain the principles of how the AC wave can be used to sequentially ener-
gize the field coils, we will examine the operation of a theoretical two-phase motor.
Two-phase AC consists of two individual phase voltages (Figure 9.10). Notice that
phase B is lagging behind phase A by 90°—that is, phase A peaks at 0°, and phase B
peaks 90° later. The two-phase motor (Figure 9.11) is connected so that phase A ener-
gizes the top and bottom poles and phase B energizes the left and right poles. The
action of two-phase AC on the motor is to cause the stator magnetic field to effec-
tively rotate clockwise (called a rotating field), even though the coils themselves are
stationary.

In Figure 9.10, at 0° phase A is at peak voltage while phase B is O V. At this point,
phase A has all the voltage, and phase B has none; therefore, the windings connected
to phase A (top and bottom) will be energized, and the windings connected to phase B
(left and right) will be off. This situation is depicted in the coil drawing (upper left) of
Figure 9.10. The polarity of the applied voltage causes the top winding to present a
north (N) magnetic pole to the rotor and the bottom winding to present a south (S) mag-
netic pole to the rotor.

At 90° later in the power cycle (Figure 9.10), phase A voltage has gone to 0 V (deen-
ergizing the top and bottom windings), and phase B has risen to peak voltage, energizing
the left and right windings. Specifically, the positive phase B voltage will cause the right-
side winding to present a north magnetic pole to the rotor and the left winding to pres-
ent a south magnetic pole (as indicated in the coil drawing of Figure 9.10).
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At 180°, phase B voltage has gone back to 0 V (deenergizing the left and right wind-
ings), and phase A has descended to a negative peak voltage. Once again, the top and bot-
tom windings are energized but this time with the opposite polarity from what they were
at 0°, causing the magnetic poles to be reversed. Now the bottom winding presents a north
magnetic pole to the rotor, and the top winding presents a south magnetic pole.

At 270°, phase A has ascended to 0 V (deenergizing the top and bottom windings),
and phase B has gone to a negative peak. Once again, the left and right windings are
energized but this time with the left winding presenting a north magnetic pole to the
rotor and the right winding a south magnetic pole.

This analysis explains how two-phase AC” causes the magnetic field to act as if
it were rotating in a clockwise (CW) direction. (You can see this in the coil drawings
of Figure 9.10, where the north pole apparently rotates CW.) What was not apparent
from the discussion is that the rotation of the field is smooth and continuous—it does-
n’t jump from pole to pole as might be inferred from the discussion. For example,
consider the situation at 45°. From Figure 9.10, you can see that both sets of poles
are partially energized, causing the resultant N-S magnetic field to be halfway
between the two poles.

Mechanical rotation of the rotor is the result of the rotor being pulled around in a
CW direction, “chasing” the rotating field. (The rotor is magnetized by an “induced”
current from the field—a concept that will be explained later.) The field makes one com-
plete revolution per cycle; thus, for a line frequency of 60 Hz, the field would rotate at
3600 rpm—(60 cycle/s) x (60 s/min) =3600 rpm. The speed of the rotating field (3600
rpm in this case) is called the synchronous speed. For an induction motor, the rotor
speed does not exactly match the synchronous speed, it’s slightly lower.

The motor under discussion (Figure 9.11) would be called a two-pole motor, even
though it has four individual poles, because the “pole” designation of an AC motor
refers to the number of individual poles per phase. The reason? Motor speed is pro-
portional to poles per phase, not simply the number of poles. In this case, 4 poles/ 2
phase = two-pole. An AC motor can be built to go slower than 3600 rpm by increasing
the number of pole sets. For example, if the motor in Figure 9.11 had two complete sets
of poles, it would turn one-half revolution for each cycle, giving it a synchronous speed
of 1800 rpm. (This would be called a four-pole motor, because 8 poles/2 phase = four-
pole.) If the motor had three sets of poles (making it a six-pole motor), it would turn at
a synchronous speed of 1200 rpm (which is one third of 3600 rpm). This idea can be
expressed in a synchronous equation:

So=—— 9.2)

*Power companies do not supply two-phase power, only single-phase and three-phase. However, two-
phase power can be “created” from single-phase power using a capacitor and is used in some special-
purpose AC motors. This discussion is based on two-phase power because I feel it is the best way to
explain the concept of a rotating field.
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Figure 9.11
A two-phase
motor.
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where

¢ = synchronous speed in rpm (motor speed is actually somewhat less, as will be
explained later)

frequency of the AC line

number of field poles per phase

~ =
I

EXAMPLE 9.2
a. Find the synchronous speed of a 60-Hz, four-pole, single-phase motor.
b. How many individual poles does this motor have?

SOLUTION

a. For a four-pole motor, P =4 in Equation 9.2:

120 x 60
S¢=——=1800 rpm
4
which is the synchronous speed.

b. To find the number of individual poles, recognize that this motor has four
poles per phase and one phase; therefore, it has four poles.

EXAMPLE 9.3

a. Find the synchronous speed of a 60-Hz, four-pole, three-phase motor.
b. How many individual poles does this motor have?
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SOLUTION
a. For a four-pole motor, P = 4 in Equation 9.2:

120 x 60
So=—7"

B = 1800 rpm

b. To find the number of individual poles, recognize that this motor has four
poles per phase and three phases; therefore, it has 12 poles.

Some motors are designed so that the number of poles can be changed by reterminat-
ing wires in a junction box. This way the same motor can be set up to run at different speeds
as the application requires; for example, when it’s operating as a two-pole motor, the speed
is 3600 rpm, and when it’s operating as a four-pole motor, the speed is 1800 rpm.

The rotor of the AC motor must act like a magnet in order for it to be pulled around
by the rotating stator field. A diagram of a rotor is presented in Figure 9.12(a). It consists
of a number of aluminum or copper bars connected with two end rings. Because this
configuration reminded someone of a squirrel cage, it is called a squirrel cage rotor.

The squirrel cage rotor has no magnetic properties when the power is off. However,
when AC power is applied to the stator windings and the stator field starts rotating, the
rotor becomes magnetized by induction. It works like this: As the stator field rotates
past an individual bar, the field strength in the bar rises and falls. This changing mag-
netic field induces a voltage in the bar, and the voltage causes a current to flow. The
current flows through the bar, through the end rings, and back through other bars. This
current causes the bar to have a magnetic field, and it is this field, interacting with the
rotating stator field, that produces the mechanical torque. Figure 9.12 (b) shows a rotor
with bars that are actually embedded in slots of a ferromagnetic core. No insulation is
between the bars and the iron core because the bars present a much lower resistance
than the laminated iron sheets that make up the core.

For this motor to work, a voltage must be induced from the stator to the rotor, but this
can only happen when the magnetic field is changing. As far as the rotor is concerned, the
changing field occurs as a result of the stator field rotating past it. This means that, even
though the rotor is chasing the rotating stator field, it can never quite catch up to the syn-
chronous speed; if it did, no relative motion would be between the rotor and stator and con-
sequently no induced voltage in the rotor. Thus, the rotor is always going slower than the
rotating field, and this difference is referred to as slip. Slip is frequently given as a percent-
age (usually less than 10%) of the stator speed as described in the following equation:

S¢S,

Slip = (9.3)

s
where

S¢ = synchronous (stator) speed (in rpm)
S = rotor speed (rpm)



ALTERNATING CURRENT MOTORS 391

Figure 9.12
An induction
motor “squirrel
cage” rotor.

(a) Diagram of “squirrel cage”

(b) Assembled rotor

EXAMPLE 9.4

A typical washing machine motor has a rated speed of 1725 rpm. What is the
slip in percentage at this speed?

SOLUTION

Because it is a 60-Hz motor, we know that the stator speed must be a simple
fraction (1/2, 1/3, 1/4, and so on) of 3600 rpm. Quick calculations reveal that
172 of 3600 is 1800, which is slightly above 1725 rpm. Therefore, 1800 must
be the synchronous speed. Now we use Equation 9.3 to find the slip:
Sg =5, _ 1800 — 1725
S¢ 1800

=0.042=4.2%

Some speed control of the AC motor is possible by controlling the amount of slip
by varying the voltage. For a constant load, the slip will increase as the voltage is low-
ered because, reducing the applied voltage reduces the strength of the “rotating” mag-
netic field, and the rotor must slip more to get its required induced current. This type of
control can be used to change the speed 10-15% or more, depending on the rotor design.

Induction motors are classified by the National Electrical Manufacturers Association
(NEMA). The most common type, NEMA class B, has a low-resistance rotor, which allows
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Figure 9.13
Torque—speed
curve of an
induction motor.

it to operate with low slip and high efficiency. Another type, NEMA class D, has a high-
resistance rotor, which allows it to operate with more slip and consequently more torque.

A torque-speed curve for the motor of Example 9.4 is shown in Figure 9.13, and it
is very useful for understanding motor behavior. This curve shows the torque available
at various motor speeds. The maximum possible speed (1800 rpm in this case) is the
speed of the rotating stator field, that is, the synchronous speed. However, there is no
torque at this speed because the motor needs some slip to operate. To get full-load
torque, a point defined by the manufacturer, the rotor must be slipping some—in this
case, reducing the speed to 1725 rpm. These motors have good speed regulation in the
operating range—that is, the speed changes little over a wide range of load torque
demands. Also in Figure 9.13, notice that the AC motor behaves something like the DC
motor in the operating range—that is, as the load increases the speed decreases.
However, at a certain point called the pull-out torque, the torque drops off sharply,
even though the speed is still decreasing. In real life, this means that if the load on a
motor was increasing, the speed would decrease until the motor load reached the pull-
out torque, at which point the motor would quickly stall (stop turning). The starting
torque will depend on the type of motor, but it is typically 1.5 times greater than the
rated load, and unlike the DC motor, it is not the maximum torque available.

Single-Phase Motors

AC induction motors are grouped into classifications depending on the type of power they
use: single-phase or three-phase (two-phase motors actually are supplied with single-
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torque

Torque

Starting .
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Running Operating
torque point
0 Speed —| =——Slip
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Figure 9.14

A single-phase
motor showing
how the field
reverses with each
half-cycle of AC.

Figure 9.15
A single-phase
motor (split-phase).

Run
windings

(a) Positive half cycle (b) Negative half cycle

phase power). Each type is based on the same operating principles presented previously
in this chapter, and each type has its advantages and disadvantages.

Single-phase AC is the most common form of power and is available almost every-
where. For this reason, the single-phase motor is in wide use for domestic and com-
mercial purposes, typically for applications requiring up to 1 or 2 hp. The basic
operational theory is the same as for the motor discussed before, but this motor has one
major problem: It can’t start itself. To understand this, look at the single-phase motor
diagram shown in Figure 9.14. This motor has only one set of stator windings (called
the run windings), which are positioned across from each other. As the AC voltage
cycles from positive to negative, the magnetic field reverses itself [Figures 9.14(a) and
(b)]. These field reversals cannot truly be said to be a rotating field, so they cannot pro-
vide a starting torque to the rotor. They can, however, keep the rotor turning if it’s started
in some other way. The trick, then, is to provide a way to start the single-phase motor.

The most common way to start a single-phase motor is to use a second set of wind-
ings, called the start windings, which are only energized during the start-up period. In
effect, the motor temporarily becomes a two-phase motor, which is self-starting. This
type of motor is known by the name split-phase. The AC in the start winding should
ideally be 90° out of phase with the run winding. The simple split-phase motor shown
in Figure 9.15 relies on the fact that the start winding, which consists of a few turns of
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switch
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Start
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Figure 9.16

A centrifugal switch
disconnects the start
winding when the
rotor is up to speed.

thin wire, has much less inductance and much more resistance than the run windings
and so creates a phase shift with respect to the run winding. When the motor is up to
about 80% speed, a switch opens automatically by centrifugal force (Figure 9.16), dis-
connecting the start windings. The motor then continues running on only the run wind-
ings. This starting method provides about 40-50° of phase shift, enough to start the
motor but not enough to provide a lot of start-up torque.

Another way to create the necessary phase shift between the run and start wind-
ings is with a nonpolarized capacitor. This motor, shown in Figure 9.17, is a capacitor
start motor. When the motor is started, the centrifugal switch is closed, and the capac-
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Figure 9.17

A single-phase motor
(split-phase) using

a capacitor with a
centrifugal switch.

Figure 9.18
A two-capacitor
motor.
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itor causes the current in the start winding to lead the current in the run winding. Once
the motor is running, the switch opens, and the motor continues to operate in single-
phase mode on the run windings. The capacitor start motor can achieve a full 90° phase
shift between run and start windings, with the consequence of a high starting torque.

There are a number of other variations of the split-phase type of the single-phase motor.
In one design, called the permanent-split capacitor motor, the start windings (with capac-
itor) are permanently connected, eliminating the need for the centrifugal switch. This design
increases the torque of the motor, simplifies the hardware, increases the reliability, and
improves the power factor (power factor is discussed later in the chapter). These motors also
run more quietly with less vibration. Another motor design, the two-capacitor motor, is
shown in Figure 9.18. This motor uses a larger value capacitor for starting and then switches
to a lower value for running. Two-capacitor motors enjoy the same performance benefits as
the permanent split-capacitor motor, because the run capacitor introduces some phase shift,
which (as shown in Figure 9.10) more closely approximates a rotating field.

All single-phase motors discussed so far will start off turning in the same direction
with each power up. By reversing the polarity of one of the windings, the motor will
start and run in the opposite direction.

Fractional hp motors can be shaded-pole motors, which do not require a separate
start winding for them to start. Instead, a small portion of each pole is separated from
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Figure 9.19
A shaded-pole
motor.

Figure 9.20
A three-phase
induction motor.

the rest and encircled by a copper band, as shown in Figure 9.19. When power is applied
to the motor, a current is induced in this copper band, which results in the magnetic field
being delayed in its vicinity. This unbalance creates a weak rotating component to the
stator field, which is enough to start the motor turning. This motor design is simple and
easy to construct but is inefficient and has low torque. Consequently, it is usually used
where only low power and a nearly constant load is required, such as small blowers.

Three-Phase Motors

The three-phase motor is simpler and smaller than its single-phase counterpart, but it
can be used only where three-phase power is available. Usually, this is a industrial site;
therefore, these motors tend to be from 2 hp up. Figure 9.20 shows a diagram of the
three-phase motor (notice that it can be either a wye or a delta connection). It has three
sets of stator windings, with each set of windings being powered by one of the phase
voltages. The natural timing sequence of the three individual phase voltages produces
the rotating stator field that pulls the rotor around. The rotor is the squirrel cage type
described earlier. The reason this motor is so simple (and hence reliable) is that it is
self-starting—just apply the power, and it starts.

The three-phase motor can be wired to run in either direction by simply reversing
any two of the three leads. For example, if the three motor terminals are connected to
phases ABC and it turns CW, then if wires B and C are reversed (to ACB), the motor
will rotate CCW. (Reversing C and A then brings it back to CW.)

A three-phase motor, once started, will continue to run even when one of the phases
is disconnected, because two-thirds of the rotating field is still working and the mechan-

Phase B Phase C

Phase A Phase B

Phase A

Phase C C

(a) Diagram (b) Symbol for wye-connection (c) Symbol for delta-
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Figure 9.21

A two-phase motor.

Figure 9.22

A split-phase motor
(two-phase) driven
with single-phase AC.
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ical inertia of the spinning rotor will carry it over the “dead spot” caused by the missing
wire. However, vibration and noise will increase, torque will decrease, and the motor
may overheat due to greater current in the active field windings.

Split-Phase Control Motors

The split-phase control motor is technically a two-phase motor because it has two sets
of windings (Figure 9.21). Not as common as the three-phase or single-phase types, these
motors do find application in control systems. The operating parameters that make them
desirable are (1) they are self-starting and (2) they can easily be controlled to turn in either
direction. Typically, they are small (less than 1 hp) and are used to move something back-
and-forth, such as opening and closing a valve or raising and lowering a garage door.
The problem is that two-phase AC is not available directly from the power com-
pany; it must be created, usually from single-phase AC. This adds some complexity to
the system, but it does provide the opportunity to control the direction of rotation of the
motor and hence its value as a back-and-forth type of actuator in a control system.
The required two-phase power is created from single-phase AC by placing a capac-
itor in series with one of the windings (Figure 9.22). The capacitor causes the current in
winding 2 to lead the line current in winding 1 by almost 90° (it doesn’t have to be exact).
To change the direction of rotation, the capacitor must be able to switch so that it is in
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Figure 9.23
Controlling the
direction of a split-
phase control motor
(two-phase motor).

Figure 9.24
AC servomotor
torque—speed curve.
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series with the other winding. Such a circuit is shown in Figure 9.23(a). Notice that the
switch is in the down position, which causes the line voltage to be applied directly to
winding 1, while winding 2 is fed through the capacitor. In Figure 9.23(b), the switch is
in the up position, which allows winding 2 to get the line voltage, while winding 1 is fed
through the capacitor. This causes the motor to rotate in the opposite direction.

AC Servomotors

A special case of the two-phase motor is the AC servomotor. This is a high-slip, high-
torque motor, designed specifically for control systems, and it has a relatively linear
torque-speed curve (Figure 9.24). As you can see, the maximum torque occurs when
the speed is zero. When the motor is running, the speed is inversely proportional to the
load torque; put another way: the lighter the load, the faster the motor runs. This is very
similar to the way a DC motor behaves. Figure 9.25 shows a diagram of the AC servo-
motor. The two windings are called the main winding and the control winding. The
main winding is connected to an AC source, usually 120 Vac. The control winding is
driven by an electronic circuit that (1) causes the phase to be either leading or lagging
the main winding (thereby controlling the motor direction) and (2) sets the magnitude
of the control-winding voltage, which determines the speed. Typically, the maximum
control winding voltage is about 35 Vac. If the control winding has 0V, the motor will
coast to a stop, even though the main winding is still connected to the line voltage. This
is different from a normal induction motor that will continue to run on a single phase.

Maximum
torque

Torque

Maximum speed

Speed
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Figure 9.25
Diagram of an
AC servomotor.

Control
winding

Control
circuitry

winding

Figure 9.26
The rotor of a
synchronous motor
showing slip rings.

9.3 SYNCHRONOUS MOTORS

The synchronous motor is similar to the induction motor with one important differ-
ence: The rotor in the synchronous motor rotates at exactly the speed of the rotating
field—there is no slip. Put another way, the speed of the synchronous motor is always
an exact multiple of the line frequency. This feature is extremely desirable in industrial
applications, for example, when several motors along a conveyer belt must all be going
exactly the same speed. Although many synchronous motors are large, the concept is
also used extensively in small clock or timing motors where an exact relationship must
exist between frequency and speed.

Theory of Operation

Recall that the rotor in an induction motor receives its power through induction, which
requires a difference (slip) between the speed of the rotor and the rotating field. To make
a synchronous motor work, the power to form a magnetic field in the rotor must come
from another source. Traditionally, this is done by supplying DC power into the rotor
via slip rings and brushes (Figure 9.26). Slip rings and brushes on the synchronous
motor are similar to the commutator assembly used in DC motors, with one important
difference; here the electrical contact from stator to rotor is made through a smooth
ring, not the multiple contacts of the DC motor’s commutator. The action is smoother,
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the components last far longer, and less electrical noise is generated. The rotor of the
synchronous motor uses DC power (called excitation) to energize electromagnets
around its perimeter. These magnets tend to lock on to the rotating magnetic field in
the stator and cause the rotor to rotate at the exact speed of the rotating field, that is,
the synchronous speed.

Unfortunately, the synchronous motor is not self-starting. When the power is
switched on, the field starts rotating full speed, causing the magnetized rotor to be first
tugged in one direction and then the other. Experiencing no sustained torque, the rotor
just sits there. To start the motor, additional hardware is required. Any one of the fol-
lowing methods can be used:

1. Provide for the frequency to start slow and then speed up. As long as the rotating
field does not get too far ahead of the rotor, the rotor will continue to be tugged in
one direction. The problem is that it takes extra electronics to provide the variable
frequency. However, the advantage of this system is that if you can control the fre-
quency, you can control the speed. This approach is being used more and more, with
the continuing advancement of high-power solid-state electronics.

2. Use another motor (called a pony motor) to bring the synchronous motor up to
speed. This approach has the obvious drawback of requiring significant additional
hardware.

3. Insert some squirrel cage rotor bars (as used in induction motors) in the rotor of the
synchronous motor. This allows the motor to get started as if it were an induction
motor.

4. Use hysteresis-synchronous motors (covered later in this chapter).

Power-Factor Correction and Synchronous Motors

The AC power from the power company arrives with the voltage and current in phase
with each other. This is the most efficient way to transmit power because, by definition,
power is the product of voltage times current. Therefore, for maximum power transfer,
the voltage and current must be occurring at the same time, that is, in phase.

The windings of induction motors present an inductive-type load to the power line;
if there are many motors in a facility, this inductive load can be significant. The problem
is that the inductive load causes the current to lag behind the voltage, which means the
motor will draw more current to deliver the same power. This situation is described in
terms of the power factor. The power factor is the cosine of the angle between the volt-
age and current, so when the voltage and current are exactly in phase, the power factor
is 1. For a purely reactive load of a 90° phase shift between voltage and current, the
power factor is 0. We say that an inductive load creates a lagging power factor, and a
capacitive load creates a leading power factor.

Plant engineers would like to keep the power factor as close to 1 as possible, but
how can this be done with a plant full of inductive motors? First, it helps to have the
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Figure 9.27

A selection of small
synchronous motors.
(Courtesy of
Kollmorgen Motion
Technologies Group)

induction motors running with a full load—a lightly loaded induction motor is much
more inductive than a fully loaded one. Beyond that, the way to improve a lagging
power factor is to add a capacitive load to cancel out all or part of the inductive load.
There are two ways to implement this; one way is to connect large power-factor-cor-
rective capacitors across the lines, and the second way (surprisingly) is to make use of
synchronous motors. With proper adjustment of the rotor excitation current, the syn-
chronous motor will present a capacitive load, which will improve (increase) the
power factor of the plant. Synchronous motors installed specifically for power-fac-
tor correction are called synchronous condensers; they do not drive a load—they
simply spin.

Small Synchronous Motors

Small synchronous motors are used as timing or clock motors or simply as a source of
rotary power in instruments and small machines. They are available to be used as a
direct drive or with an attached gear train. Figure 9.27 shows a selection of these motors.
Many of these motors are split-phase motors designed to operate on single-phase AC
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Figure 9.28

A small synchronous
motor being driven
with single-phase
AC (switch controls
direction of rotation).

OCW
gooorr T Q %Winding1
o)

Cccw

0 -
|

Winding 2

with the use of a capacitor. The simple switching arrangement shown in Figure 9.28
allows for the motor to rotate in either direction. When the switch is in the up position,
winding 1 gets the line voltage and winding 2 is phase-shifted through the capacitor.
This arrangement causes the motor to turn in one direction. When the switch is in the
middle position, the motor is off; when the switch is in the down position, winding 2
gets the line voltage, and winding 1 is driven through the capacitor. This causes the
motor to turn in the other direction.

Small synchronous motors do not use electromagnets in their rotors and so do
not need slip rings. Instead, the rotor is magnetized in other ways. There are three
designs: the reluctance motor, the hysteresis motor, and the permanent magnet motor.
All three types can be made to be self-starting. The hysteresis motor is particularly
interesting because the rotor consists of a smooth, round piece of steel. Its operation
is very smooth and quiet, which makes it an ideal choice for such applications as tape
drives.

9.4 UNIVERSAL MOTORS

The universal motor is so named because it can be powered with either AC or DC.
Basically, it is a series-wound DC motor that has been specifically designed to operate
on AC. Like its DC counterpart, it is reversible by changing the polarity of either the
field or the rotor windings, but not both. Physically, the universal motor is similar to a
DC motor except that more attention is paid to using laminations (thin sheets of lac-
quered metal) for the metal parts (to reduce the AC eddy currents) and the inductance
of the windings is minimized as much as possible.

The operating characteristics of the universal motor are similar to those of the DC
motor. For a fixed voltage, the speed is inversely proportional to the load torque—as
the load increases, the speed decreases. For a constant load, as the applied voltage
increases, the speed will increase. Typically, universal motors are designed to operate
at high speeds—from 3600 to 20,000 rpm—but, because they use a commutator and
brushes (which wear out), they have a limited lifetime. Being a series-wound motor,
they have high starting torque, and for this reason are widely used for handheld power
tools (for example, a hand drill motor).
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Figure 9.29
A simple on—off
motor-control circuit.

9.5 AC MOTOR CONTROL

When the AC motor is first switched on, there is an initial rush of current that may be
five times higher than the average running current. In fractional hp motors, this
momentary high current is usually acceptable, but for larger motors special provision
is usually made to reduce the initial current surge to prevent electrical and mechani-
cal components from being overstrained. Once the motor is running, its speed will be
determined by the frequency, which is why the AC motor is usually thought of as a
constant-speed motor. At one time, “controlling” an AC motor meant “turning it on
and off.” Currently, this notion of the AC motor being constant speed is being revised
because efficient electronic power circuits can vary the frequency, thus allowing the
speed to change. This and other topics having to do with motor control are the sub-
jects of the subsequent sections.

Start-Stop Control

The simplest way to start a fractional-hp AC motor is to connect it to the line voltage
through a switch, and this is how it’s done in many cases. Figure 9.29 shows two dif-
ferent schematics for this approach. Both schematics are for the same circuit, but
Figure 9.29(b) is drawn in a form called a ladder diagram and is typical of an indus-
trial motor-wiring diagram. In the ladder diagram, Figure 9.29(b), L, and L, are the
AC line voltage wires, and each “rung” is a circuit. (Ladder diagrams are covered in
Chapter 12.).

The symbol labeled “OL” in Figure 9.29(b) represents the normally closed con-
tacts of the overload device (normally open contacts would not have the diagonal line).
The overload device is designed to open its contacts if the motor gets too hot. This
device may be a thermal sensor built into the motor that will trigger when a certain tem-
perature is reached, or it may be separate from the motor—in which case it is actually
triggering on a sustained current-overload condition.

On—off
L switch
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AC Motor oL
Motor contacts
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switch (NC)

(a) Circuit diagram (b) Ladder diagram
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Figure 9.30

A start—stop circuit
for a single-phase
AC motor.

The start-stop circuit for motors used in industrial processes is typically a little more
complicated than an on-off toggle switch. The motor might well be controlled from a con-
trol panel some distance from the motor. In such a case, routing the motor power through a
relay located near the motor and runing the low-current wires (which only need to energize
the relay coil) to the control panel make sense. This approach is particularly appropriate for
larger motors. An everyday example of this system is the starter motor in a car. When you
turn the key, a low-current ignition switch provides power to energize a high-current capac-
ity relay (starter solenoid) that, in turn, connects the starter motor to the battery.

A relay specially built to start motors is known as a magnetic motor starter or
magnetic motor contactor (see Figure 9.32). A magnetic motor starter has large con-
tacts to handle the motor current and often includes a built-in current overload device.
When the current exceeds some pre-set value, the contacts open.

Another problem with using a simple toggle switch for motor control has to do with
safety. Imagine the following situation: A motor driving a potentially hazardous machine
overheats, and the overload protection circuit shuts it down. Somebody comes along,
sees the motor is stopped, and investigates. Meanwhile, the motor cools down, the ther-
mal protection device resets, and—because the power switch is still on—the motor sud-
denly restarts. The unsuspecting investigator may get hurt.

The standard industrial motor-control circuit has been designed to address both of
these situations. The motor is connected to the power lines through a magnetic motor
starter (relay) and is controlled with separate start and stop buttons on a control panel. To
put it simply, the motor is started by pushing the start button and stopped by pushing the
stop button. If the motor stops because of overheating, the start button must be pushed
again to restart it. Figure 9.30(a) shows the circuit diagram for the start-stop circuit. The

L
o s M-2
_Bv_ Known as
magnetic motor starter
L. M L / L
otor 1 2
Relay
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(a) Circuit diagram (b) Ladder diagram
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Figure 9.31

A start—stop circuit
for a three-phase
AC motor.

stop button is normally closed, and the start button is normally open. When the start but-
ton is pushed, power is applied to motor starter relay coil M, which closes contacts M-1
and M-2. Contact M-2 connects the motor to the AC power, and the motor starts. Contact
M-1 connects the relay coil to a point in the circuit ahead of the start button; consequently,
when the start button is released, the relay coil will remain energized. This process is
called sealing, or latching, the relay. When the stop button is pushed, power is removed
from the starter relay coil, which opens contacts M-1 and M-2. The opening of the M-2
contact stops the motor, and the opening of the M-1 contact “breaks the seal” that was
keeping the relay coil energized. Consequently, when the stop button is released, the relay
coil remains unenergized, and the motor stays off. If the overload contact should open at
any time, the result is the same as when the stop button is pushed: The motor stops and
will not restart until the start button is pushed. A ladder diagram of the start-stop circuit
is shown in Figure 9.30(b). Notice that the relay coil is represented by a circle.

Besides safety reasons, sealing circuits are useful when the entire plant loses power.
When the power is restored, you don’t want all motors starting up at the same time,
causing a tremendous current surge in the main power lines. Instead, the motors can be
restarted individually or in groups, in some orderly fashion. Also, starting and stopping
motors from multiple locations is common; for example, a cooling pump in a nuclear
power plant might be started from three places: for example, the main control room,
the pump site, and an auxiliary control room.

Figure 9.31 shows the start-stop circuit for a three-phase motor. This is basically
the same as for the single-phase motor except that the relay now provides three sets of
contacts for the motor (M-2, M-3, and M-4). Also, the motor starter coil circuit, which
requires only single-phase AC, is connected across L, and L,. For larger motors, the
coil circuit voltage may be stepped down to 120 V with a transformer.

Jogging

Jogging refers to applying power to the motor in short bursts for the purpose of “inch-
ing” it into some desired position. For example, a commercial mixer might need to be
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Figure 9.32

A magnetic motor
starter. (Allen-Bradley
products courtesy of
Rockwell Automation.)

Figure 9.33
A start—stop circuit
with a provision for

jogging.

jogged into a certain position so the blades can be replaced, or a motor driving a large
shaft might need to be jogged to get the keyway lined up with the mating part.

The traditional motor-control circuit discussed in the previous section (which uses
a sealing relay) does not lend itself to jogging because it’s not responsive enough—that
is, it can’t cycle on and off fast enough. Jogging requires that you have direct push-button-
power control to the motor, which usually means bypassing the regular on-off relay cir-
cuit. Figure 9.33 shows a simple motor-control circuit that has provision for jogging.
When switch A is set to start, this circuit behaves exactly like the circuit of Figure 9.30;
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1
—Q | O— O O @
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Figure 9.34
A reduced-voltage
starting circuit.

that is, the relay is sealed every time the start button is pushed. However, when switch
A is set to jog, the sealing circuit is disabled, and power is supplied to the motor only
when the start button is pushed.

Reduced-Voltage Starting

The nature of any motor is to have a large initial current when first connected to a
voltage source. The power-distribution system can usually cope with the increased
start-up current of fractional hp motors (although the lights may dim perceptibly in
the immediate area), but larger motors usually need special starting circuits that limit
the starting current to some acceptable value. One of the simplest ways to limit start-
up current is to connect resistors in series with the motor during the start-up period.
After the motor has come up to speed and is drawing a reduced amount of current, a
switching device removes the resistors from the circuit, and the motor is connected
to the full line voltage.

Figure 9.34 shows a reduced-voltage starting circuit for a three-phase motor. Notice
the presence of resistors R, R,, and R, in series with the motor power lines. Also notice
that each resistor is bypassed with a relay contact. When the start button is pushed, the
MR relay coil is energized, and contacts MR-1, MR-2, and MR-3 close. This action
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connects the motor to the power lines, but the current must go through the resistors.
Another MR contact (MR-5) applies power to the coil of a timer relay (TR), a relay
with a built-in delay mechanism (based on pneumatics or electronics) that causes its
contacts to close a certain time after the TR coil is energized. The delay is set to give
the motor enough time to come up to near-operating speed. When the relay “times out,”
contact TR-1 closes and allows relay coil RB to be energized. Relay RB has three sets
of contacts (RB-1, RB-2, and RB-3) that connect the motor directly to the power lines,
bypassing the resistors.

The reduced-voltage starting circuit is simple and relatively inexpensive, but it
does have the drawback of reducing the motor start-up torque. Remember that torque
is proportional to current, and if current is limited, so is the torque. One way to
improve the situation is to use transformers instead of resistors in the start-up circuit.
The advantage of using transformers (actually autotransformers) is that they can pro-
vide the motor increased current, while not straining the power-distribution system.
The transformers are only engaged during the start-up period. When the motor gets
up to speed, the transformers are switched out, and the motor is powered directly from
the power lines.

Variable-Speed Control of AC Motors

AC motors enjoy many advantages over DC motors: They are lighter in weight, more
reliable, less expensive, and require less routine maintenance. And although small speed
changes can be made by changing the voltage, AC motors are essentially limited to run-
ning at a speed determined by the line frequency. This fact has traditionally kept them
from being used in control systems where the speed needs to be varied. The introduction
of high-power solid-state switching circuits has changed this picture. Clearly, if you
want to fully control the speed of an AC motor, you must be able to change the fre-
quency. This can be done with off-the-shelf power-conversion units that are capable of
converting the line voltage at 60 Hz into a wide range of voltages and frequencies. A
motor-control unit (or the control unit plus the motor) is called a drive. There are four
choices of AC-motor variable-speed drives: the older variable-frequency drive (also
known as a V/Hz drive) and the newer vector drives (sensorless, flux vector, and field-
oriented control).

Variable-Frequency (V/Hz) Drives

The traditional variable-frequency drive (known as a volts-per-hertz (V/Hz) drive)
changes the motor’s frequency and voltage using solid-state control units.

The basic steps for this process are shown in the block diagram of Figure 9.35,
and the circuit is known as a DC link converter. The first step is to convert 60-Hz
AC into DC power. The second step is to convert this DC power back into AC at the
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Figure 9.35

A block diagram of a
variable-speed-control
system.

Figure 9.36

A variable-speed-
control circuit
(trigger and timing
circuits not shown).

AC-to-DC DC-to-AC
60-Hz AC —— converter converter
(to any DC voltage) (to any frequency)

desired frequency. Figure 9.36 shows a typical generalized circuit to perform these
functions for a three-phase motor. In this circuit, 60-Hz AC line power is converted
to DC with a silicon-controlled rectifier (SCR) network. SCRs are used so the mag-
nitude of the DC voltage can be controlled. Recall that the SCR is essentially a
diode, but in order for it to conduct, two conditions must be met. First, it must be
forwarded-biased; second, it must receive a trigger pulse on its gate input. Referring
to the circuit of Figure 9.36, if the gate (G) of each SCR is pulsed at the beginning of
each positive AC cycle, the conduction time will be maximum, and the maximum
DC voltage will result. If the trigger pulse to the gate is delayed, then the SCR is
conducting for a shorter time, and a lower DC voltage is established (note that the
L and C in Figure 9.36 help smooth out the power pulses from the SCRs). To sum
up, the average value of the DC voltage can be determined by controlling the delay
of the trigger pulses.

The next job of this circuit (Figure 9.36) is to create a sort of artificial three-
phase AC power at any desired frequency. This is accomplished with the six tran-
sistors on the right side of the circuit. Each transistor is turned on and off in sequence
by a controller circuit (not shown) in such a way as to cause three pseudo-sine waves.
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Figure 9.37
Output-voltage waveforms
of a speed-control circuit.
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Figure 9.37(a) shows the simplest three-phase output voltage waveforms that can be
made from this circuit. In particular, notice the phase A voltage waveform. During
time period 1, both transistors (Q, and Q,) are off, so the output, which is taken from
between the transistors, is neither positive or negative. Then during time period 2, tran-
sistor Q, is on, connecting the phase A output to the plus DC voltage. During time
period 3, both transistors are again off; finally, during time period 4, transistor Q, is
on, connecting the phase A output to the minus side of the power supply. This same-
shape waveform is generated by transistor pair Q;-Q, and again by Q4-Q, with each
phase lagging the one ahead of it by 120°. Clearly, the apparent frequency of the out-
put is determined by how fast transistors Q,-Q are sequenced, (which is typically in
the range of 5-120 Hz). To help visualize the three-phase action, compare the phases
A, B, and C in Figure 9.37(a) with phases A, B, and C in the traditional three-phase
diagram [Figure 9.37(c)]. A better pseudo-AC waveform can be created by using PWM
(pulse width modulation) as shown in Figure 9.37(b).

For the motor to work well at various speeds, the voltage to the motor must be mod-
ified each time the frequency is changed. Specifically, the voltage and frequency should
be held proportional—that is, when the frequency is increased, the voltage should be
increased, and vice versa. The reason for this requirement is that the current in the sta-
tor windings must be maintained at a certain design value for the magnetic induction
process (to the rotor) to work. Most motors are designed to operate at 60 Hz and 120 V
(or 240 V), so the stator is wound to create the proper magnetic field with those condi-
tions. If the frequency drops below 60 Hz, the inductive impedance of the windings also
drops, which would allow in more current. Consequently, the voltage must be lowered
as the frequency is lowered in order to maintain the proper stator current. Figure 9.38(a)
shows how the voltage should increase linearly with frequency in the range 0—60 Hz and
explains why this type of drive is called a volts-per-hertz or V/Hz type. The voltage is
usually not allowed to increase beyond the motor’s rated voltage (for its own health). So,
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Figure 9.38

Voltage and frequency
are controlled in a
variable-speed-control
circuit.
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in practice, there are really two distinct operating ranges. The first range (5-60 Hz) is
called the constant-torque region because the motor produces a constant torque in this
speed range, as shown in Figure 9.38(b). This is the same torque that the motor has at
normal (60 Hz) operating speed. The region above 60 Hz is known as the constant-power
region because, even though the torque is falling off, the speed is increasing, so the actual
mechanical power stays the same (power is the product of speed times torque).
Commercial motor-control circuits are capable of meeting these qualifications.

Vector Drives

Vector drives are based on the principle that the current driving an AC induction motor
can be divided into two components: the current that produces the magnetic field flux
in the stator and the current that creates the torque that causes rotation. The actual motor
current is the vector sum of these two currents, and if they can be independently con-
trolled, it is possible to drive the motor at full torque at any speed, right down to 0 Hz.
There are three types of vector drives: sensorless vector, flux vector, and field-oriented
control drives. We will discuss the field-oriented control drive first, because it is the
newest and provides the most control. A block diagram is shown in Figure 9.39. First,
you should realize that the motor can be any standard induction motor, but the drive is
a very sophisticated microprocessor-driven feedback-control system. As you can see, the
motor itself is driven by variable-frequency circuit similar to that shown in Figure 9.36
Current sensors on the motor leads feed a current resolver, which identifies the flux-pro-
ducing and torque-producing currents in the motor. A position sensor mounted on the
shaft provides position and speed information. The drive electronics uses all this infor-
mation to maintain two independent control loops: a speed/torque loop for control of the
motor speed and torque, and a flux loop to provide a constant magnetizing stator current
throughout the motor’s speed range. By maintaining a constant stator flux, the motor is
capable of providing a constant torque from its base frequency (60 Hz) all the way down
to 0 Hz. The speed/torque loop is able to determine what the moment-to-moment slip is
(some slip is necessary for any induction motor) and then compensate by adjusting the
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Figure 9.39

Block diagram

of a vector AC drive
(field-orientated type).
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rotational speed of the field very precisely within the windings so as to make up for
the slip. This process can keep the motor running at exactly its set-point speed, regard-
less of the torque demand. The outputs of both the flux- and the speed/torque-control
loops are combined in the vector rotator to produce a single set of three-phase voltage
waveforms. These waveforms are converted into PWM and fed to the transistors in the
variable-frequency generator.

The sensorless drive predates the field-oriented control drive and cannot provide
such precise control. As the name suggests, it does not require a position sensor but
instead makes “guesses” based on current feedback and what it knows about the motor.
This system is adequate for many applications.

The flux vector drive does require a position sensor and maintains better control
than the sensorless drive can (but not as good control as the field-oriented drive). This
system estimates the flux-producing and torque-producing current vectors in the motor
and uses this information to control the motor. Flux vector drives can function effec-
tively down to 2-3 Hz.

SUMMARY

The AC motor is a common source of electric rotary power. Most AC motors do not use
commutator/brushes, which makes them more reliable and less expensive than DC
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motors. The primary use of AC motors is for constant-speed applications because the
speed of an AC motor is dependent on the line frequency.

AC power is supplied in two forms: single phase and three phase. Single-phase AC
is the common form supplied to homes and businesses and requires two wires. Three-
phase power is usually only available in industrial locations and consists of three sepa-
rate 60-Hz sine waves, 120° apart, on three wires (four including the neutral).

The most common type of AC motor is the induction motor. In the induction motor,
power is supplied only to the stator windings, where it creates a rotating magnetic field
around the rotor. The rotor receives some electric power through induction from the sta-
tor, which it uses to generate a magnetic field. This field is attracted to the stator’s rotat-
ing field, which causes the rotor to rotate (but slightly slower than the rotating field).

Motors are designed to run on either three-phase power or single-phase power.
Three-phase motors are the simplest because they are self-starting, but they can only
be used where three-phase power is available. Single-phase motors are not inherently
self-starting. There are a number of ways used to start single-phase motors, and most
involve adding a second set of stator windings (called a split-phase motor), which are
only energized during start-up.

The synchronous motor is designed to rotate at an exact multiple of the line fre-
quency. For larger motors, this means that the rotor receives its power through slip rings
and brushes, which complicate the design (induction will not work in this application).
Smaller synchronous motors (timing motors) do not use slip rings.

The universal motor is so named because it can run on AC or DC. It is essentially
a DC motor (with brushes) designed to minimize the losses that occur when running
on AC.

AC motors have a large initial current when first switched on. For larger motors, a
special starting circuit may be required to prevent damage to the power system and/or

motor. It works by reducing the voltage to the motor during start-up, either by resis-
tors or transformers.

The speed of an AC motor can be controlled in two ways. A small amount of speed
control can be had from simply reducing the voltage, which causes the rotor speed to
slip more. For complete speed control, the frequency must be controlled with control
circuits that convert 60-Hz AC to other frequencies. The simplest of these systems is
called a variable-frequency (or K/Hz) drive. Better motor performance is possible with
newer, more sophisticated units called vector drives.

GLOSSARY

AC servomotor A two-phase motor used in control applications; designed to have a
near-linear torque-speed curve.

capacitor start motor A single-phase AC induction motor that uses a capacitor to
phase-shift the AC for the start windings.
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control winding One of two windings in an AC servomotor.

DC link converter A circuit that converts line voltage at 60 Hz to AC power at dif-
ferent voltage and frequencies, for the purpose of controlling the speed of AC motors.

delta-connection One of two ways in which to connect three-phase motor or gener-
ator coils. With the delta-connection, each of the three coils is connected between two
phase wires; there is no neutral.

field-oriented control drive A class of AC-motor-control units that provides very
precise control of speed. A type of vector drive . See vector drives.

flux vector drive A class of AC-motor-control units that requires a position sensor
and maintains better control than the sensorless drive can (but not as good control as
the field-oriented drive). A type of vector drive. See vector drives.

fractional-horsepower (hp) motor A motor with less than 1 hp.

frame A basic part of an AC motor; an overall case that supports the stator and the
rotor bearings.

GFl See ground-fault interrupter.

ground-fault interrupter (GFI) A saftey device that will shut off the power if it senses
a current leakage to the safety ground.

integral-horsepower (hp) motor A motor with 1 hp or more, that is, a large motor.
jogging The practice of “inching” a motor into position by repeated short bursts of power.

ladder diagram A type of wiring diagram typically used for industrial motor-control
circuits.

latching See sealing.

line voltage A single number that represents the voltage of a power system; for three-
phase power, the line voltage is the voltage between any two lines.

magnetic motor contactor A special-purpose relay used to switch power to a motor.
The magnetic motor contactor may have large contacts to handle the motor current and
may have a built-in current overload trip device.

magnetic motor starter See magnetic motor contactor.
main winding One of two windings in an AC servomotor.

neutral The return wire or cold side in an AC power-distribution system; the neutral
wire is at ground potential.

overload device A device that can stop the motor if an overload condition is detected.
Overload is detected by sensing the temperature of the motor or the current that the
motor is drawing.
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permanent-split capacitor motor A capacitor start motor where the start winding
remains engaged during operation—that is, the motor does not have a centrifugal switch.

phase sequence The sequence of phase voltages possible with three-phase power:
ABC and ACB.

phase voltage The individual load voltage in a multiphase power system.
pony motor A separate motor used to start a synchronous motor.

power factor The cosine of the angle between the current and voltage. A power factor
of 1 means the current and voltage are in phase, which is desirable. A lagging power fac-
tor means the current is lagging the voltage, probably due to the inductive load of motors.

pull-out torque The maximum torque that an AC motor can provide just before it
stalls. However, unlike the DC motor, this maximum torque condition occurs at about
75% of the unloaded speed.

return wire See neutral.

rotating field The phenomenon of what is apparently happening in the stator coils of
an AC motor. Even though the coils themselves are stationary, the magnetic field is
transferred from coil to coil sequentially, producing the effect that the field is rotating.

rotor A basic part of an AC motor, the part in the center that actually rotates.
run windings The main stator windings in a single-phase motor.

sealing A process whereby a relay is initially energized by a start button and then stays
energized from current coming through one of its own closed contacts.

sensorless drive A class of AC-motor-control units that does not use a sensor. A type
of vector drive. See vector drives.

shaded-pole motor A single-phase induction motor, usually small, that does not use
a start winding. Instead, a modification to the single-phase poles causes the motor to
have a small starting torque.

single-phase AC The type of AC supplied to residences (and industry). It consists of
a single alternating waveform that makes 60 complete cycles per second.

slip The difference between the rotor speed of an induction motor and the synchro-
nous speed of the stator field; the amount of slip is typically less than 10%.

slip rings Sliding electrical contacts that allow power to be fed to the rotor of the syn-
chronous motor.

speed regulation The ability of a motor to maintain its speed under different loads.

split-phase A general term applied to an induction motor that has two sets of wind-
ings but operates on single-phase AC with some provision to phase-shift the AC for the
second set of windings.



416

CHAPTER 9

split-phase control motor A two-phase motor, usually small, powered by single-
phase AC using a capacitor for the phase shift. The direction is reversible, making these
motors useful in controlling back-and-forth motion.

squirrel cage rotor The type of rotor used in an induction motor—named as such
because someone thought it looked like a squirrel cage.

stall When the load on the AC motor is increased (about 75% of unloaded speed), the
motor torque drops back abruptly, and the motor stalls (stops).

starting torque The motor torque available when the motor is first started; the start-
ing torque of most AC motors is less than its maximum torque but more than its rated
load.

start windings A second set of windings (besides the run windings) in the single-
phase induction motor; the start windings are usually only engaged during the starting
process.

stator A basic part of an AC motor, a collection of coils that surrounds the rotor and
does not move.

synchronous condenser A term applied to a synchronous motor that is being used
solely for power-factor correction.

synchronous motor An AC motor that runs at the synchronous speed, which means
an exact multiple of the line frequency. A synchronous motor has no slip.

synchronous speed The speed of the rotating field in the stator, which is always an
exact multiple of the line frequency. A synchronous motor spins at the synchronous
speed, whereas an induction motor turns somewhat slower than the synchronous speed.

three-phase AC The type of AC available to industry. It consists of three AC wave-
forms (called phases) on three wires, where each phase is delayed 120° from the pre-
vious phase and all phases operate at 60 Hz.

timer relay (TR) A relay with a built-in time delay mechanism so that the contacts
close or open a specified time after the relay is energized.

two-capacitor motor A capacitor start motor that uses one value of capacitance for
starting and switches to a lower value of capacitance for running.

TR See timer relay.

universal motor An electric motor that can run on AC or DC powers; it is essentially
a series DC motor.

variable-frequency drive (known as a volts-per-hertz (V/Hz) drive) A type of AC-
motor-control unit that controls speed by changing the motor’s frequency and voltage
using solid-state control units.
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vector drives A class of AC-motor-control units that are based on the principle that
the motor current is the vector sum of the flux-producing current and the speed/torque-
producing current. Some vector drives can control an AC motor down to O rpm.

volts per hertz (V/Hz) drive See variable-frequency drive.

wye-connection One of two ways in which to connect three-phase motor or genera-
tor coils; with the wye-connection, each of the three coils is connected between a phase
wire and neutral.

EXERCISES
Section 9.1

1. A single-phase voltage waveform is shown in Figure 9.2.

a. What is the voltage between prong A and ground at 270°?

b. What is the voltage between prong B and ground at 90°?

c¢. What is the voltage between prong A and prong B at 360°?

Explain the distinguishing features of the AC waveform shown in Figure 9.5.

Redraw Figure 9.4 with a delta-connected load.

4. In a balanced three-phase wye-connected system, what percentage of the current
flows in the neutral wire? Explain.

5. A three-phase wye-connected system has individual phase voltages of 240 Vac.
Find the three-phase line voltage.

w N

Section 9.2

6. Explain what a rotating field in an AC motor is and briefly how it is created.

7. Referring to Figure 9.10, draw a diagram showing how the four coils would be

energized at 45° (indicate the magnetic orientation).

Define the term slip. Why is slip essential for an induction motor to work?

9. An induction motor is powered by 120 Vac at 60 Hz and runs at approximately

1200 rpm. What pole motor must this be?

10. What is the synchronous speed of a 60-Hz, six-pole, three-phase motor? How many
individual poles does it have?

11. What is the synchronous speed of a 400-Hz eight-pole, single-phase motor? How
many individual poles does it have?

12. A single-phase 60-Hz AC motor has a rated speed of 1695 rpm. Find the slip.

13. A certain six-pole 60-Hz AC motor has a slip of 5% (under normal-load condi-
tions). How fast is it rotating?

14. Explain the important parts of the torque-speed curve shown in Figure 9.13.
Include in your explanation the following terms: synchronous speed, operating
range, pull-out torque, and starting torque.

*®
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15. Is a three-phase motor reversible, and if so, how?

16. Draw a diagram of a capacitor start motor (which incorporates a centrifugal
switch). Explain what happens during the start-up period. (What is the purpose of
the capacitor?)

17. Draw a diagram of a permanent-split phase motor and explain how it operates.

18. Explain how a shaded-pole motor operates.

19. Draw a diagram and explain the operation of a split-phase control motor being
powered by single-phase AC that can go in either direction.

20. What are the basic characteristics of an AC servomotor?

Section 9.3

21. List the differences between the synchronous motor and the induction motor.
22. What is the purpose of the slip rings used in synchronous motors?
23. List three methods used to start a synchronous motor.

Section 9.5

24. Describe the operation of the start-stop circuit of Figure 9.30.
25. Redraw Figure 9.31 and then include the additional circuitry necessary to have the
motor start and stop in the reverse direction.
26. In the reduced-voltage-starting circuit of Figure 9.34,
a. What is the purpose of relay MR?
b. What is the purpose of relay RB?
c. What is the purpose of relay TR ?
27. Describe the two methods used to vary the speed of an AC motor.
28. Explain the operation of the variable-speed-control circuit shown in Figure 9.36.
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Actuators: Electric, Hydraulic,
and Pneumatic

OBJECTIVES

After studying this chapter, you should be able to:

e Understand what linear actuators are and how they are used.

* Explain how an electric leadscrew linear actuator works and calculate exten-
sion times.

* Understand solenoid operation and characteristics.

* Understand electric linear motor operation.

* Describe the components of a basic hydraulic system and understand how
they work.

* Calculate the force generated by a hydraulic cylinder, given the system
parameters.

* Describe the components of a basic pneumatic system and understand how
they work.

* Calculate the force generated by a pneumatic cylinder, given the system
parameters.

e Understand the basic control-valve operation.

e Understand electric linear-motor operation.

INTRODUCTION

The prime mover or actuator provides the source of mechanical power in a control
system. It is easy to identify the prime mover in a system because it will be the source
of the first physical movement. Typical prime movers are motors, hydraulic cylinders,
and control valves. Technically speaking, a prime mover is a transducer as well because it
converts one kind of energy into another, usually electrical energy into mechanical energy.
By far the most common type of prime mover is the electric motor, which is an efficient
and versatile converter of electrical to mechanical energy. However, many real-life control

419
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applications require a slow, powerful, back-and-forth straight-line motion instead of the
higher speed rotary motion produced by the electric motor. An actuator that can provide a
back-and-forth straight-line motion is called a linear actuator.” Many examples of linear
actuators can be found in control systems, particularly in the field of robotics—for exam-
ple, an object is picked up, moved in a linear fashion to another spot, and set down.

Some devices (such as the solenoid and the linear motor) can convert electrical
energy directly into linear motion, but more often it is done in two stages. First, a motor
is used to create rotary mechanical motion; second, the rotary motion is converted into
linear motion. An example would be a motor driving a rack-and-pinion gear train
(Figure 5.25), which moves the print head across the paper on your printer. Hydraulic
systems are more complicated—that is, a motor drives a pump that pushes fluid into a
hydraulic cylinder that causes the piston to move.

The three general types of linear actuators are electric, hydraulic, and pneumatic.
Each type has its particular advantages and disadvantages, and all are in wide use. This
chapter will introduce you to these systems and to flow-control valves.

Figure 10.1
Diagram of an
electric linear
actuator. (Courtesy
of Warner Electric)

10.1 ELECTRIC LINEAR ACTUATORS

Of the three types of linear actuators (electric, hydraulic, and pneumatic), electric actu-
ators require the least hardware and maintenance. However, they tend to be relatively

"This text uses the term linear actuator in a general sense to mean any straight-line actuator. A more
particular definition for a linear actuator is “a device where there is a linear relationship between the
applied control signal and the resulting displacement.”
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Figure 10.2
Cutaway drawing
of a ball bearing
screw. (Courtesy
of Warner Electric)

slow-moving or to have other restrictions, which makes them suitable in only a limited
number of applications. For example, electric actuators work well for lowering the land-
ing gear in an airplane but could not be used for a spray-painting robot, which must
make quick, long sweeps.

Leadscrew Linear Actuators

A leadscrew linear actuator has a threaded shaft (called the leadscrew or drive screw),
which is rotated by an electric motor. A “nut” on the shaft moves in a linear motion as the
shaft rotates. Figure 10.1 shows a diagram of the electric linear actuator. Notice that the
rotary torque of the motor is transferred through a gear train to the drive screw. The out-
put motion results as the nut advances or retreats along the threads, depending on which
direction the shaft is rotating. Note that the nut must be constrained from rotating.

To reduce the friction and increase the efficiency, many units use ball bearings to
transfer the force from the drive screw to the nut. Figure 10.2 shows a cutaway diagram
of this design, called a ball bearing screw. When the shaft rotates, the balls roll in the
grooves. When the balls get to one end of the nut, they are recirculated to the other end
through small pipes. Ball bearing screws practically eliminate friction when compared
with the traditional nut on thread design.
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Figure 10.3

An electric linear actuator.
(Courtesy of Warner
Electric)

Figure 10.3 shows a cutaway diagram of a practical electric linear actuator. The
unit resembles and acts like a hydraulic cylinder, the main visual difference being the
attached electric motor. Many units come with a built-in electrically activated brake that
prevents the shaft from rotating when the motor is not energized. This feature ensures
that a heavy load cannot back drive the motor after it is turned off. Also, “over-travel”
limit switches should be included in the application design, to cut off power to the motor
if it attempts to drive beyond its intended travel.

Electric linear actuators come in all sizes, with rated loads from under 100 Ib to
over 1000 b and strokes from 4 to 36 in. and beyond. An important parameter for elec-
tric actuators is extension rate, that is, how fast the unit can extend and contract. A typ-
ical extension rate is around 1 in./s, but this depends on the size of the motor and the
load. However, even the larger units are no match for hydraulic cylinders (covered in
Section 10.2) when it comes to speed and power. The electric actuator is characterized
by slower, steady, linear movement. Figure 10.4 shows the characteristics of a 12-Vdc
linear actuator. Notice that as the load increases, the extension rate decreases, and the
required current increases.

EXAMPLE 10.1
An electric linear actuator is used to lift 600 Ib castings for a vertical distance of
8 in. Using the data from Figure 10.4, how long will the lifting operation take?
SOLUTION

Using the top graph of Figure 10.4, we see that for a load of 600 Ib the exten-
sion rate is about 0.9 in./s. The time required to lift a distance of 8 in. is cal-
culated as follows:

Time to lift = 8 in. X s. =89s
in.
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Figure 10.4
Performance
characteristics of
a typical electric
linear actuator.
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For applications that can tolerate the slower extension rates, the electric linear
actuator has some distinct advantages over hydraulic and pneumatic systems.
Specifically, electric actuators (1) require only wires to be connected—not tubing,
(2) do not require extra supporting hardware such as pumps and tanks, (3) use power
only when they are actually moving, and (4) when compared with hydraulic systems,
are less “messy.” On the other hand, compressed air for pneumatic systems may
already be available, and for working around explosive gasses, a nonelectric actua-
tor would be safer (no sparks!).

Solenoids

A solenoid is a simple electromagnetic device that converts electrical energy directly
into linear mechanical motion, but it has a very short stroke (length of movement), which
limits its applications. The solenoid consists of a coil of wire with an iron plunger that
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Figure 10.5
A solenoid.

is allowed to move through the center of the coil. Figure 10.5(a) shows the solenoid in
the unenergized state. Notice that the plunger is being held about halfway out of the coil
by a spring. When the coil is energized [Figure 10.5(b)], the resulting magnetic field
pulls the plunger to the middle of the coil. The magnetic force is unidirectional—a spring
is required to return the plunger to its unenergized position. Figure 10.6 shows two prac-
tical solenoids.

The main limitation of the solenoid is its short stroke, which is usually under an
inch. Still, there are many applications for short-stroke linear motion; examples are acti-
vating electric car-door locks, opening and closing valves, and triggering mechanical
latches. Most applications use the solenoid as a on or off device—that is, the coil is
either completely energized or switched off. However, variable-position control is pos-
sible by varying the input voltage.

Both AC and DC solenoids are used, the major difference being that AC solenoids
use a plunger and frame made from laminations instead of solid iron. Laminations are
thin sheets of lacquered iron that are riveted together to form the frame and plunger.
Laminations prevent power-consuming eddy currents (induced by the AC) from circu-
lating in the metal parts of the solenoid. The laminations can easily be seen in Figure
10.6(b).

Table 10.1 lists various models of solenoids. Note the various coil voltages and
whether the unit can be operated intermittently or continuously. An intermittent-duty
solenoid is designed to operate for a short time and then take time to cool. The prob-
lem is that, like relays, it takes more voltage to pull in the solenoid than it takes to hold
it in the retracted position, Thus, if a solenoid is left on, it is drawing more current than
it really needs, and it tends to heat up. A continuous-duty solenoid is designed to deal
with the heat, so it can operate all the time. The “Lifts and Strokes” data in Table 10.1
tell us the maximum pull force (which occurs when the plunger is retracted). The min-
imum pull force occurs when the plunger is extended. For example, the unit on the first
line of Table 10.1 exerts (at least) 8 oz of force for the first 4 inch of stroke but falls to
only 2 oz of force when the solenoid is extended to its maximum of )5 inch.

L Iron plunger Iron plunger

~
ANNANAANANAAN

~— Spring ~— Spring

(a) Unenergized (b) Energized
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Figure 10.6

Solenoids.

(a) DC solenoid

TABLE 10.1

(b) AC solenoid

A Selection of Solenoids

Lifts and Strokes
(ounces at inches)

Type Volts Duty Ohms (minimum)  (maximum)  Body
870 120 AC Inter. 300 8@% 2@'% 1
871 120 AC Cont. 675 3@% 05@ 7% 1
078 120 AC Inter. 60 33@ % 9@7% 1
079 120 AC Cont. 166 105 @ % 3@% 1
1897 120 AC Inter. 36 83 @ 16 @ % 1
1898 120 AC Cont. 113 17@ % 4@% 1
1899 24 DC Inter. 20 100 @ % 5@ % 1
1900 24 DC Cont. 64 50 @ ' 1@ % 1
872 120 AC Inter. 37 24 @ % 22 @ 1 2
873 120 AC Cont. 133 8@% 6@1 2
885 24 DC Inter. 15 110 @ 4 4@ 1 2
886 24 DC Cont. 54 55 @ 25@ % 2
887 115DC Inter. 346 0 @ % 4 @1 2
888 115DC Cont. 1300 55 @ 25@ % 2
1901 24 DC Inter. 15 156 @ ' 21@ % 2
1902 24 DC Cont. 50 70 @ ' 4@% 3
1903 115DC Inter. 350 156 @ % 21@ % 3
1904 115DC Cont. 1200 70 @ ' 4@% 3
5600 120 AC Inter. 220 17@ % 8@% 4
5601 120 AC Cont. 350 11@% 4@"% 4
5602 24 DC Inter. 52 16 @ % 1@ % 4
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Figure 10.7
Electric linear
motors. (Courtesy
of Kollmorgen)

Electric Linear Motors

One of the newer types of linear actuators is the electric linear motor. Basically, a lin-
ear motor is a rotary brushless DC motor (BLDC) that has been rolled out flat. Linear
motors convert electric power directly into linear motion. They are capable of high
speed (up to 10 m/s), high force (over 1000 1b) and long travel (several meters), and,
like a BLDC, they have no sliding contacts but do require an electronic drive unit.

A linear motor consists of two parts: the base unit known as the magnet way, which
consists of an iron plate with a row of alternate-pole permanent magnets, and the mov-
ing part known as the slider, which contains the coils. These parts are shown in Figure
10.7. The slider is supported on linear ball bearings so that it can slide along over the
magnet way (there is a small air gap between them). A flexible cable connects the slider
to the drive unit.

Figure 10.8 illustrates the operation of a simplified three-phase linear motor. Note
that there are three coils spaced over four magnets. In Figure 10.8(a), coil A is switched
on, causing it to become a north pole (N). The attractive force between this N pole and
the nearest S pole on the magnet way causes the slider to move to the right. When the
slider has moved to the position shown in (b), coil A is switched off and coil B is
switched on, causing renewed attractive force to the right, and the slider moves further
(to the right). When the slider gets to position (c), coil B is switched off and coil C is
switched on, causing the slider to move to position (d). The coils have now advanced

'

(a) Iron-core motor

-
.

(b) Ironless motor
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Figure 10.8
Operation of a
simplified three-
phase linear motor.
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one full cycle. They are now back to the same orientation as in (a), and the whole
sequence starts over. As you might imagine, moving the slider in steps tends to cause
a jerky motion known as cogging. Cogging is more noticeable at lower speeds and can
be greatly reduced by proper shaping of the coil drive currents (see the next paragraph).
Switching the coils on and off at the right time in the right sequence without brushes is
called electronic commutation. For this example, electronic commutation could consist
of three Hall-effect sensors mounted along the slider, each one controlling power to a
coil. The Hall-effect device detects when the slider has physically moved to the next
position and signals the drive unit to energize the next coil.

An actual linear motor would probably be operated in a bipolar mode, wherein each
coil becomes alternately north and south, and two of the three coils are on at the same
time. This system produces smoother operation with more torque but requires a more
complicated drive unit because current reversals are necessary. Figure 10.9(a) shows
one schematic for a three-phase bipolar linear motor that permits the current in each
coil to go in both directions (allowing it to be either a north or a south pole). The three
push—pull amplifiers (Q,-Q,), (Q5-0,), (Qs—0,) could be driven by the three wave-
forms shown in Figure 10.9(b). These waveforms would be created from the Hall-effect
sensor outputs. Notice in Figure 10.9(b) that the voltage peaks in the sequence A, B,C;
this would correspond to energizing the coils as a “north” in the sequence A, B, C.
Using sine waves to turn on the coils causes the force to be passed gently from one coil
to the next and practically eliminates cogging.
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Figure 10.9

Driver circuit for
a three-phase
linear motor.

There are two basic designs for linear motors, the iron-core linear motor and the
ironless linear motor, as shown in Figure 10.7. Iron-core motors ( the subject of the pre-
ceding paragraphs) are more powerful because they have coils wound on steel lamina-
tions to maximize their magnetic force. However, in addition to the linear force, they
also generate a strong attractive force between the slider and the magnet way. This
attractive force is typically four times the linear force, so a motor pulling with 100 1b
is pushing down on the magnet way with 400 lbs. The ironless linear motor has no iron
at all in the slider, just copper wires embedded in an epoxy strip. These motors are
inherently weaker, even when two sets of magnets are used in the magnet way, but they
have small mass (for quicker acceleration), no cogging, and no attractive forces.

Linear motors are almost always used in a closed-loop system, which means they
need some kind of linear position sensor. A common and accurate type of linear position
sensor is an optical encoder; it is similar to an optical shaft encoder rolled out flat (opti-
cal shaft encoders are discussed in Chapter 6). The components of this sensor are a yard-
stick-like strip (marked with fine vertical lines or slots) fastened on the slider and a
photo sensor mounted to the base. In some cases, the linear motor uses the position sen-
sor data for electronic commutation, eliminating the need for Hall-effect sensors.

10.2 HYDRAULIC SYSTEMS

Hydraulic systems are ideally suited to provide a strong, fast, or slow linear motion.
The system uses a fluid (light-grade oil) to transfer energy from a pump to an actuator.
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Figure 10.10
A simplified
hydraulic system.

Control valve Cylinder
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A simplified system, illustrated in Figure 10.10, consists of the following components:
a tank of hydraulic fluid, a pump, a control valve, and a cylinder. The pump pushes the
fluid through a tube to the control valve. The control valve directs the fluid to the cylin-
der, causing the piston to move down in response to the fluid pressure. The pump is the
actual source of mechanical power, and it is physically separate from the cylinder actu-
ator. The practical significance of this fact is that only the cylinder needs to be mounted
at the place where the motion is needed; the pump can be elsewhere. This allows a rel-
atively small component such as a hydraulic cylinder to provide far more power than a
similarly sized electric actuator, which must have the motor attached.

Basic Principles of Hydraulics

One major difference between a liquid and a gas is that a gas will squeeze down into a
smaller volume when pressurized, whereas a liquid will not. We say that liquids (includ-
ing hydraulic fluid) are incompressible. This is an important concept to remember when
studying hydraulic systems. It means that each cubic inch of fluid pumped into the sys-
tem must appear someplace else downstream as 1 in? of fluid volume.

Another important concept is that of hydrostatic pressure, which results when a
fluid is under pressure and it is not moving (hence, static). Pascal’s principle states that
a fluid under hydrostatic pressure will exert the same pressure uniformly on the inside
walls of all the interconnected components. Recall that pressure is defined as a “force
per unit area.”” For example, a pressure” of 100 Ib/in? (psi) means that the container must
withstand a force of 100 1b for every square inch of surface area. The unit of pressure
for SI units is the Pascal (Pa), where 1 Pa = 1 Newton/meter” (N/m?). This pressure is so
small that a more common unit is the kiloPascal (1000 Pa = 1 kPa). The relationship
between psi and kPa is 1 psi = 6.89 kPa.

“In this chapter, the pressure values referred to are technically called gauge pressure, meaning “that
pressure above the ambient atmospheric pressure of 14.7 psi or 10° Pa.”
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Figure 10.11
Hydrostatic pressure
pushes out in all
directions.
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The principle of hydrostatic pressure is illustrated in Figure 10.11, which shows a
tank, pump, piston, and hydraulic cylinder. The fluid on the high-pressure side of the
pump is pressurized to 100 psi. This means that the tubing, cylinder walls, and piston
face are all receiving 100 Ib of force for each square inch of area, as indicated by the
arrows in Figure 10.11. All internal surfaces are under pressure, but only the piston is
movable, so it moves to the right. The force on the piston from the hydrostatic pressure
is the product of the pressure times the area of the piston face, as given in Equation 10.1:

F=PA (10.1)

where

F = total force exerted on the piston
P = hydrostatic pressure

A = area of the piston face

EXAMPLE 10.2
The hydraulic cylinder in Figure 10.11 is 3 in. in diameter. Find the force
exerted on the piston if the pressure is 100 psi.

SOLUTION

We can use Equation 10.1 to find the force, but first we need to find the area
of the piston face:

Area =mr?> = 3.14 x (1.5 in.)? = 7.07 in?

Now we can calculate the piston force, using Equation 10.1, knowing that the
pressure is 100 psi:
100 1b

m

Force = PA = % 7.07 in% = 707 1b
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10.2 (Repeated with SI Units)

The hydraulic cylinder in Figure 10.11 is 8 cm in diameter. Find the force
exerted on the piston if the pressure is 700 kPa.

SOLUTION

We can use Equation 10.1 to find the force, but first we need to find the area
of the piston face:

Area = w2 = 3.14 x (4 cm)? = 50.24 cm?

Now we can calculate the piston force, using Equation 10.1, knowing that the
pressure is 700 kPa:

700 kPa = 700,000 Pa = 700,000 N/m?

700,000N 1 1
Force = PA = x> ™ 5024 0om2=3517N

w2 100em 100 cm.

EXAMPLE 10.3 (Mixed English and SI Units)

A 2-in. diameter hydraulic cylinder is being supplied with a pressure of 1000 kPa.
Find the force exerted on the piston in pounds.

SOLUTION

We can use Equation 10.1 to find the force, but first we need to find the area
of the piston face:

Area =72 =3.14x (1 in.)? = 3.14 in?

Now we can calculate the piston force, using Equation 10.1, but first we must
convert the pressure to psi:

o
1000 kPa x — o= = 145.1 psi
kPa
145.1 1b
Force = PA = % 3.14 in? = 455.6 Ib

m
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Figure 10.12
A hydraulic system
that “amplifies” force.

Static hydraulic systems can be used to “amplify” a force. This is the principle used
in hydraulic jacks or hydraulic brake systems and is illustrated in Figure 10.12. The sys-
tem contains two cylinders of different diameters that are connected by a tube. When a
force is applied to the small piston, a pressure develops. This same pressure is transmit-
ted through the tube and is applied to the large piston. Because the large piston has more
surface area, it receives a larger net force. Of course, it is also true that the large piston
will move a shorter distance than the small piston because the work done by the two pis-
tons must be the same.

EXAMPLE 10.4

For the system shown in Figure 10.12, the small piston has a face area of 2 in?
and receives an external force of 10 1b. The large piston has a face area of 20
in. Calculate the force exerted by the large piston.

SOLUTION

The small piston has a surface area of 2 in? and is being pushed with a force
of 10 1b. Rearranging Equation 10.1 (F = PA) and solving for P, we can cal-
culate the fluid pressure this will create:

A 2in? in?

F 10Ib S5Ib
P= — -

This pressure of 5 psi is conveyed to the large cylinder where it pushes on the
20-in’ piston. Rearranging Equation 10.1 again, we can calculate the force on
the large piston:

51b
F=PA="—x20in2=1001b
in?

Thus, the large piston will exert a force ten times larger but will move only
one-tenth the distance of the smaller piston because the volume change must
be the same for both sides.

-

T

]
+
— )

L A R
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Figure 10.13
A hydraulic
gear pump.

Figure 10.14
A hydraulic
vane pump.
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Hydraulic Pumps

In an active hydraulic system, a pump is used to create the hydrostatic pressure. Figure
10.13 shows a common pump design called a gear pump, which consists of two meshed
gears in a housing. As the gears rotate, fluid is trapped in the little spaces between the
teeth and the housing (both top and bottom) and is conveyed from the inlet to the outlet.
The mesh between the gears in the center is tight enough so that no fluid moves through
either way at that point. This type of pump is also known as a positive-displacement
pump because a constant volume of fluid is pumped for every revolution of the gears.
The vane pump is another type of hydraulic pump. Shown in Figure 10.14, it con-
sists of an offset rotor in a housing with retractable vanes. The spring-loaded vanes push
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Figure 10.15

An axial piston
pump.

out and seal against the housing wall. Because there is more fluid between the vanes in the
top half of the housing than in the bottom, there is a net transfer of fluid from the inlet to
the outlet. In some designs, the position of the rotor axis is adjustable. The more offset the
rotor axis, the more fluid is pumped. Such a pump is called a variable-displacement pump.

A third kind of pump, an axial piston pump, uses small pistons reciprocating back-
and-forth to pump the fluid. As shown in Figure 10.15, the pump consists of a rotating
cylinder and a metal ring called a swash plate (which does not rotate). The cylinder
contains a number of small pistons that do the actual pumping. One end of each piston
rides against the swash plate. Because the swash plate is at an angle to the cylinder,
each piston is forced to move in-and-out with each rotation of the cylinder. By chang-
ing the angle of the swash plate, the quantity of fluid pumped per revolution is changed.

Hydraulic Actuators

The most common type of hydraulic actuator is the hydraulic cylinder. A typical cylin-
der is shown in Figure 10.16(a) and is known as a double-acting cylinder because it
can provide force in either direction. It consists of a piston and a cylinder body. The
piston has a rod that extends out one end of the cylinder. Fluid can enter and leave the
cylinder on either side of the piston through ports. Under normal operating conditions,
both ends of the cylinder are filled with fluid. If additional fluid enters port A, the pis-
ton will move toward the right, but the fluid must be able to escape through port B. A
selection of hydraulic cylinders is shown in Figure 10.16(c).

Some hydraulic actuators can create rotary motion and are very similar to the pump
designs discussed previously. For example, the gear motor rotary actuator shown in
Figure 10.17 is almost identical to the gear pump. For the motor, fluid is pumped in the
left side of the case, putting that area under pressure (indicated by p). Within the pres-
surized area, all surfaces receive a force, but only those three surfaces indicated with
arrows will affect rotation (the other surfaces are balanced out or unmoveable). The

Cylinder

Piston (rotates)

[/

Valve plate

Swash plate (shown removed
(fixed in palce or adjustable) from cylinder)
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Figure 10.16 Port A Port B
A double-acting

rod end
hydraulic cylinder. L JL‘H —
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(a) Diagram (b) Symbol

(c) Hydraulic cylinders (Courtesy of Miller Fluid Power)

Figure 10.17
A hydraulic
gear motor.
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Figure 10.18
A relief valve
circulates surplus
fluid to the tank.

Figure 10.19
A pressure-control
valve (partially
open position).
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pressure on the teeth next to the case (top and bottom arrows) will cause the gears to
rotate as shown. The pressure on the meshing teeth in the center would cause the gears
to turn in the opposite direction, but this torque is overpowered because two teeth (top
and bottom) are pushing the other way.

Pressure-Control Valves

A pressure-control valve is a spring-loaded valve that is capable of maintaining a con-
stant pressure in a system, regardless of the flow rate. This is important because most
pumps (such as the gear pump) are constant-displacement types—a constant volume of
fluid is pumped for each revolution of the pump shaft. If the pump were connected
directly to the cylinder, it would have to start and stop each time the piston moved to a
new position. Such on-off cycling reduces the lifetime of machinery and is therefore
undesirable. When a pressure-control valve is put into the system (as shown in Figure
10.18), the pump can remain on the whole time—when the fluid pressure exceeds the

From o To
pump system
ﬁ load
Return
to tank

Tension-adjusting —
screw
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Figure 10.20

An accumulator in a
system. (For simplicity,
pressure regulator

and return line are

not shown.)

preset limit, the valve opens, and the surplus fluid is simply returned to the tank. In other
words, when the piston is not moving, the fluid is simply circulating from the tank,
through the pump, through the valve, and back to the tank. If the pressure-control valve
opens at 1000 psi, then the pressure in the lines will never get much above 1000 psi.

Figure 10.19 shows the inside of a simple pressure-control valve. Notice that the
passage from the pump to the load is always open. If the hydraulic pressure in the main
passage overcomes the spring pressure, the valve opens, and fluid can escape out a sep-
arate port that is connected back to the tank. The pressure at which the valve opens can
be set by adjusting the tension on the spring.

Accumulators

An accumulator, which is connected into the system, is a special kind of spring-loaded
storage tank for hydraulic fluid (Figure 10.20). The accumulator serves two functions.
First, it acts as a low-pass filter to remove pressure pulsations from the pump; second, it
stores extra fluid for those high-demand times when the actuator requires fluid at a faster
rate than the pump can supply. This latter situation is illustrated in Figure 10.20, which
shows a pump (capacity: 1 gal/min) supplying fluid to a cylinder. Notice that the accu-
mulator is located between the pump and the cylinder. In Figure 10.20(a) the valve to the

Accumulator —_|

=<

Flow valve closed
Pump i
e E J |
L

co v

J 1 gal/rﬁin

(a) Accumulator filling

Accumulator —_|

l l Flow valve open
v B g

o= —=—t=K 5=

e R
1 gal/min 2 gal/min

(b) Accumulator supplying
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cylinder is closed; consequently, all fluid from the pump goes into the accumulator, com-
pressing the accumulator spring. In Figure 10.20(b), the valve opens enough to allow fluid
to the cylinder at a rate of 2 gal/min. Because the pump can supply only 1 gal/min, the
other 1 gal/min comes from the stored fluid in the accumulator, which is pushed out by
the spring. Naturally, this concept will work only if the cylinder’s demand for fluid is
intermittent, but this is often the case. In fact, this is one of the advantages of a hydraulic
system; it can store energy within the system, to be used during periods of peak demand.
For example, consider the case where a robot performs a 10s lifting operation (which
requires 1 hp) once each minute. Because the average load is only % hp [1 hp x 10 s/60 s],
a hydraulic system could get by with a -hp pump. For 50 s out of each minute, the pump
would be “charging up” the accumulator; for 10 s, both the pump and the accumulator
would be supplying the cylinder. Now suppose, instead of the hydraulic system, the robot
uses an electric linear actuator. Because the electric motor cannot store up energy, it would
have to be the full 1 hp, even though it is only on one-sixth of the time.

The three types of accumulators are: spring-loaded (already mentioned), weighted,
and gas-pressurized. The weighted type uses a weight to provide the pressure on the
fluid. This has the advantage of providing a constant pressure but the disadvantage of
needing to be mounted in an upright and relatively stable position. The gas-pressurized
type uses a gas (dry nitrogen) under pressure to provide the push on the fluid. This is
the most popular type because the pressure it exerts is easily adjustable and it can be
mounted in any position.

Directional Control Valves

The flow-control valve is used to regulate the flow rate of hydraulic fluid. For this dis-
cussion, the most important type of flow valve is the directional control valve, which
regulates the movement of the piston in the cylinder. Figure 10.21 shows a diagram of
this type of valve. A sophisticated device, it must be capable of admitting pressurized
fluid to either end of the cylinder while providing a return path for fluid being squeezed
out of the other end of the cylinder.

The control valve consists of two major parts: the valve body and the spool.
Referring to Figure 10.21, you can see that the valve body has four fluid-connection
ports: (1) high-pressure fluid supply (from the pump), (2) low-pressure return to the
tank, and (3 and 4) connections to both ends of the cylinder. The spool is a solid-metal
machined shaft that can slide back-and-forth in the valve body. The spool in Figure
10.21 has two deep grooves that allow fluid to pass from one port in the valve body to
another. The position of the spool within the valve body determines how fast, and in
what direction, the piston will move. The spool is moved by a hand lever, an electric
actuator such as a solenoid, or a small hydraulic or pneumatic actuator.

The following is a description of the operation of the spool-type valve of Figure
10.21. (To really understand this clever design, take the time as you read to trace the
flow of fluid in each diagram.) Figure 10.21(a) shows the valve with the spool cen-
tered. In this position, the fluid from the pump is completely blocked by the spool.



ACTUATORS: ELECTRIC, HYDRAULIC, AND PNEUMATIC 439

Figure 10.21

A directional control
valve for a double-
acting cylinder.
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The lines connected to the cylinder are also blocked; with the cylinder fluid thus
trapped, the piston is locked in place. This explains why a backhoe hydraulic shovel
will remain in the upright position even with a heavy load and the power off. (However,
don’t trust your safety to this feature—hoses can leak!)

Figure 10.21(b) shows the same valve with the spool moved to the right. Notice
that the right-hand groove is allowing the fluid to pass from the pump to the right end of
the cylinder, causing the piston to move to the left. The left spool groove has moved
into position to allow an escape route for the fluid being pushed out of the left end of
the cylinder. This low-pressure fluid is allowed to return to the tank.

Figure 10.21(c) shows the same valve with the spool moved to the left of center.
Now the high-pressure fluid from the pump is allowed to pass, via the left groove, to
the left end of the cylinder (causing the piston to move to the right). The return fluid
from the cylinder passes through the right groove and then back to the tank.
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Figure 10.22
A basic hydraulic
system (standard
symbols).
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Figure 10.22 shows a diagram (using standard symbols) of a complete simple
hydraulic system, which includes the tank, filter, pump, accumulator, pressure-control
valve, directional control valve, and cylinder. The constant-displacement pump would
be running all the time the system is on. During those times when the cylinder is not
moving, the fluid from the pump, after filling the accumulator, returns to the tank
through the pressure-control valve. Of special importance is the filter that removes small
contaminants, which can get into the fluid. These contaminants can cause abrasive wear
on the system components and reduce their lifetime considerably.

10.3 PNEUMATIC SYSTEMS

Pneumatic systems use air pressure to create mechanical motion. As shown in Figure
10.23, the basic system includes an intake filter that traps dirt before it enters the sys-
tem, an air compressor that provides a source of compressed air, a dryer that removes
the moisture in the air, a pressure tank that is a reservoir of compressed air, a pressure
regulator that maintains air pressure, a valve that controls the air flow, and a pneumatic
cylinder that creates the mechanical motion.

Pneumatic systems are very similar to hydraulic systems, but there are several
important differences. The major functional difference is that air is compressible,
whereas hydraulic fluid is not. In fact, air is so compressible that the air in the average
car tire would occupy three times its volume at atmospheric pressure. To explore this
concept further, consider a bicycle pump being used to inflate a tire. When you push
down on the plunger, the air in the pump is compressed until the air pressure in the
pump is greater than the pressure in the tire, at which point some portion of the air flows
out of the pump (through a one-way check valve) into the tire. If you were to push the
plunger down only halfway and let go, the compressed air in the pump cylinder would
expand and push the plunger part way back out. If for some strange reason you were
pumping an incompressible fluid (such as water) into your tire, you would notice a big
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Figure 10.23
A basic pneumatic
system (simplified).
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difference. Pushing the plunger halfway down would not compress the water volume,
so exactly half of the water in the cylinder would be expelled into the tire. And if you
were to let go of the plunger in midstroke, the plunger would not rebound because water
under pressure does not expand. The point of this analogy is that a pneumatic system
tends to be springy, whereas a hydraulic system is rock solid. That is, the position of a
hydraulic cylinder is strictly a function of the volume of fluid in the cylinder, whereas
the position of a pneumatic cylinder is a function of the air pressure, which in turn
depends on the resistance of the mechanical load, and the temperature. For example, if
a hydraulic actuator is moved to position and stopped, the trapped fluid on each side of
the piston will lock it in place; if a pneumatic actuator is moved into position and
stopped, the piston can be displaced by pushing or pulling on it with enough force—
the trapped air in the cylinder simply compresses somewhat. For this reason, pneumatic
systems are not usually used when accurate feedback positioning is required; instead,
positioning is achieved by having the piston travel back-and-forth between two mechan-
ical stops, and enough air pressure is provided to guarantee that the piston can move
any expected load.

Another difference between hydraulic and pneumatic systems is that pneumatic
systems do not have to return the low-pressure air to the compressor: They simply
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exhaust it to the atmosphere—clearly an advantage. Another advantage is that pneu-
matic systems are not “messy.” Hydraulic systems can and do leak; pneumatic systems
also leak, but there are no spills to clean up. Also, pneumatic systems tend to be smaller
and less expensive. All these qualities make them very attractive as a source of mechan-
ical motion in cleaner, high-tech industrial environments.

A control system that uses pneumatic actuators would include a controller along
with the pneumatic components shown in Figure 10.23. The controller specifies when
the individual valves in the system are to be turned on and off. Usually, this controller
is a digital electronic device such as a microcomputer or a programmable logic con-
troller (PLC). However, some controllers are strictly pneumatic devices and use no elec-
tronics at all. Pneumatic controllers make use of pneumatic logic devices—actual AND,
OR, and NOT gates that operate only on air pressure. The output signals from these
controllers are, of course, pneumatic and are conveyed to the control valves through
small tubes. Although pneumatic controllers are still used extensively in some applica-
tions (such as simple sequencers or around flammable gases), in general, industry is
backing away from this concept.

Compressors, Dryers, and Tanks

The air compressor is a machine that pumps air from the atmosphere into a tank. There
are a number of types of compressors, but one of the most common is the reciprocat-
ing piston compressor shown in Figure 10.24. The compressor crankshaft is driven by
an external power source, typically an electric motor. As the crankshaft rotates, the pis-
ton is forced up-and-down in the cylinder. The air is drawn into the cylinder through a
valve during the intake stroke [Figure 10.24(a)]; then during the exhaust stroke, the air
is pushed out through another valve into the pressure tank.

Water vapor in the compressed air must be removed, or it will eventually dam-
age the pneumatic components. Removing the moisture in the air is done by the
dryer, of which there are several types. One type, an aftercooler, chills the air, caus-
ing the moisture to condense into drops, which can then be drained off. The desic-
cant dryer circulates the air through a moisture-absorbing chemical called a
desiccant. When the desiccant becomes saturated (often indicated by a change in color),
it must be changed.

The receiver tank (pressure tank) receives air from the compressor and becomes
the high-pressure air reservoir for the system. Figure 10.25 shows the compressor and
tank system. Power to the compressor motor is controlled by a pressure switch on the
tank. When the tank pressure falls below a set value, the switch closes, and the com-
pressor motor starts. When the tank pressure increases to a specified value, the switch
opens, turning off the compressor. One benefit of using the tank is that it tends to
smooth out the pulsations of air pressure that result from a reciprocating piston com-
pressor. The typical pressure range for pneumatic systems is 30-150 psi (200-1050 kPa),
although some systems go as high as 750 psi (5000 kPa).
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Figure 10.24
A reciprocating
piston compressor.
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The tank pressure can range anywhere between the high and low limits of the pressure
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can supply air at a constant pressure regardless of the source pressure as long as the source
pressure stays above the desired regulated pressure.
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Figure 10.26
A pneumatic
pressure regulator.
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Figure 10.26 shows a simple pressure regulator. A spring-loaded diaphragm is pushed
on by regulated air pressure. If the regulated air pressure starts to fall, the reduced pres-
sure on the diaphragm causes it to move downward, thus opening a valve and allowing
more high-pressure air in.

Pneumatic Control Valves

Pneumatic control valves regulate the air flow, which in most cases means on or off.
Many configurations are possible, but of particular interest is the bidirectional control
valve that causes a piston to move in either direction. A pneumatic bidirectional control
valve is shown in Figure 10.27. It is functionally similar to the hydraulic control valve
shown in Figure 10.21, but there are some differences. For instance, pneumatic control
valves use O rings (rubber seals) to minimize internal leaks. Pneumatic valves are usu-
ally designed to be full on or completely off and are driven by either an electric solenoid
or a pneumatic control signal. Finally, these valves require only one tube coming from
the air supply; the “used” air from the cylinder is simply vented to the atmosphere.

Pneumatic Actuators

Pneumatic actuators convert air pressure into mechanical motion. There are two basic
types: linear actuators (cylinder/piston or diaphragm types) and rotary actuators. Piston
and rotary actuators are functionally similar to their hydraulic counterparts.

Pneumatic cylinders are available in a variety of shapes and sizes (Figure 10.29).
As shown in Figure 10.28, there are two basic internal configurations. The double-acting
cylinder connects to the valve with two tubes and can be driven in either direction. The
single-acting cylinder can only be driven in one direction with air pressure and is
returned by a spring.
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Figure 10.27
Cutaway view of a
pneumatic control
valve. (Courtesy

of Festo Corp.) EESTO
L MiFw
<Y -
W Irs
EXAMPLE 10.5
A spring-loaded single-acting cylinder has a diameter of 2 in. and a stroke of
2 in. The return spring has a spring constant of 3 Ib/in. The available air pressure
is 30 psi. What force can this cylinder supply to a load at the end of its stroke?
Figure 10.28 Piston Cylinder
Two types of /

pneumatic cylinders.

| =il

Spring
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(a) Double-acting cylinder (b) Single-acting cylinder
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Figure 10.29
Pneumatic cylinders.
(Courtesy of

Festo Corp.)

SOLUTION

The total force that the piston can supply can be calculated from Equation 10.1
in exactly the same manner as it was done for the hydraulic cylinder. First, we
calculate the piston surface area:

A=mr?=3.14x%1in>=3.14 in?

Now find the force from Equation 10.1:
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Figure 10.30
A pneumatic
vane motor.

From
compresssor
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F=PA X 3.14in>=94.2 b
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Some of this force is used to compress the spring and is not available to the
external load. The force needed to compress the spring 2 in. is calculated as
follows:

31b
F = spring constant X length=——x2in. =6 1b
in.

Therefore, the total available force from the cylinder is

F = piston force — spring force =94.21b -6 1b = 88.2 Ib

Rotary actuators convert air pressure into rotary mechanical motion. One common
design is the vane motor (Figure 10.30). The motor consists of a rotor that is offset in
a housing. Protruding from the rotor are spring-loaded vanes that seal against the hous-
ing and slide in-and-out of the rotor as it turns. Motion is achieved because the vanes
on the top have more exposed surface area than those on the bottom and hence receive
more force, causing the rotor to turn clockwise.

10.4 FLOW-CONTROL VALVES

One common type of actuator used in process control systems is the flow-control valve,
which regulates the flow of fluids. The control valve has a built-in valve-operating
mechanism, allowing it to be controlled remotely by a signal from the controller.
Usually, this signal is either electric or pneumatic.
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Figure 10.31
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Figure 10.31 shows three types of flow-control valves. Figure 10.31(a) shows a
solenoid-actuated, on-off valve. When the solenoid is energized, the valve is pulled
open, and the fluid flows. When the solenoid is deenergized, a spring returns the valve
to the closed position. On-off valves are used in batch processes (for example, a wash-
ing machine where the tank is filled to a specified level as quickly as possible, agitated
for a while, then emptied).

Many processes require the ability to vary the flow of a fluid in a pipe on a con-
tinuous basis. To do this, the valve stem must be controlled with a linear actuator of
some type. Figure 10.31(b) shows an electrically operated valve. In this case, an electric
motor drives a leadscrew-type valve stem, so it can be put in any position.

Pneumatically operated valves use air pressure as the control signal. Shown in
Figure 10.31(c), you can see that as the air pressure is increased, the diaphragm will
move down (against a spring) and close the valve. This type of valve could be used in an
on-off or a variable-flow application.

SUMMARY

A linear actuator generates straight-line motion. There are three basic types of linear
actuators: electric, hydraulic, and pneumatic.

Electric leadscrew actuators use the principle of a nut unscrewing along a threaded
shaft. The threaded shaft (the lead screw) is rotated by an electric motor, and the nut
moves linearly. The solenoid and electric linear motor use magnetics to create linear
motion. Compared with hydraulic systems, electric linear actuators are clean and self-
contained but, generally speaking, are not as strong and cannot move as fast or have
other constraints that make them unsuitable for some applications.

Hydraulic systems are used to create linear motion, but it takes more hardware. A
typical hydraulic system includes a pump, a pressure-control valve, a directional flow-
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control valve, and a piston/cylinder-type actuator. The pump takes fluid at atmospheric
pressure from a tank and causes it to flow under pressure. The pressure-control valve
bleeds off some of the high-pressure fluid (back into the tank) in order to maintain a
constant system pressure. The directional flow-control valve directs the fluid into one
end or the other of the cylinder, causing the piston to move.

Pneumatic systems are similar to hydraulic systems except that air is used instead
of fluid. Because fluid is incompressible and air is not, an air cylinder is more springy,
and it is difficult to control its position precisely. For this reason, most pneumatic sys-
tems use mechanical stops to determine the length of travel.

Control valves are used to regulate the flow of fluids. The flow-control valve has
a built-in valve-operating mechanism, allowing it to be controlled remotely by a signal
from the controller.

GLOSSARY

accumulator Used in a hydraulic system, a spring-loaded tank connected into the
high-pressure side of the system; the accumulator can store some fluid to be used at
peak-demand periods.

actuator The source of energy or motion in a system; typical actuators would be elec-
tric motors or hydraulic cylinders.

aftercooler Used in pneumatic systems, a device that removes moisture from the air
supply by chilling and thereby condensing any water vapor.

air compressor Used in pneumatic systems, a device that creates the supply of high-
pressure air.

axial piston pump A type of hydraulic pump that uses a number of small pistons to
pump the fluid, this is a variable-displacement pump because the stroke of the pistons
is determined by the adjustable angle of the swash plate.

ball bearing screw A ball bearing type of a leadscrew, recirculating balls roll between
the threaded shaft and the nut to remove almost all friction.

cogging The jerky motion of electric linear motors, especially at low speeds.

directional control valve Used in hydraulic and pneumatic systems, it can direct the
fluid into either end of the actuator cylinder, allowing the piston to be moved in either
direction.

desiccant dryer Used in pneumatic systems, a device that dries the air supply by pass-
ing the air through a water-absorbing chemical.

double-acting cylinder A hydraulic or pneumatic cylinder and piston assembly in
which the piston can be driven in either direction.
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dryer Used in pneumatic systems, a dryer that removes the moisture from the air
supply.

extension rate The rate at which a linear actuator can extend or retract; the term is
usually applied to electric linear actuators.

flow-control valve Used to control the flow of fluids. A valve that has a built-in valve-
operating mechanism, allowing it to be controlled remotely by a signal from the controller.

gear motor A simple hydraulic motor in which fluid pushes on the teeth of a set of
constantly meshed gears (in a housing), causing them to rotate.

gear pump A simple positive-displacement hydraulic fluid pump that uses two con-
stantly meshed gears (in a housing).

hydraulic cylinder A linear actuator powered by fluid under pressure, it consists of
a cylinder, enclosed at both ends with a piston inside. The piston is moved by admit-
ting the pressurized fluid into either end of the cylinder.

hydraulic system A system that uses pressurized fluid (oil) to power actuators such
as hydraulic cylinders.

hydrostatic pressure The pressure that exists inside a closed hydraulic system; the
significance is that the pressure is the same everywhere within the system (assuming
no velocity effects).

leadscrew linear actuator A type of linear actuator that uses an electric motor to
rotate a threaded shaft; the linear motion is created by a nut advancing or retreating
along the threads.

linear actuator A prime mover that causes movement in a straight line, such as a
hydraulic cylinder.

linear motor A motor that converts electric power directly into linear motion.
Basically, it is a rotary brushless DC motor (BLDC) that has been rolled out flat.

pneumatic control valve Used in pneumatic systems, a valve that controls air flow to
the actuators.

pneumatic cylinder A linear actuator powered by compressed air, it consists of a
cylinder, enclosed at both ends with a piston inside. The piston is moved by admitting
the compressed air into either end of the cylinder.

pneumatic system A system that uses compressed air to power actuators such as
pneumatic cylinders.

positive-displacement pump A hydraulic pump that expels a fixed volume of fluid
for each revolution of the pump shaft.

pressure-control valve Used in a hydraulic system, an adjustable spring-loaded valve
that can maintain a set pressure in a system by bleeding off excess fluid.
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pressure regulator Used in pneumatic systems, a regulator that maintains a speci-
fied pressure.

prime mover A component that creates mechanical motion from some other energy
source; the source of the first motion in the system.

receiver tank Used in pneumatic systems, a reservoir for compressed air.

reciprocating piston compressor An air compressor that uses pistons and one-way
valves to compress the air.

single-acting cylinder A spring-loaded pneumatic cylinder; air pressure drives the
piston in one direction, and spring pressure returns it.

solenoid An electromechanical device that uses an electromagnet to produce short-
stroke linear motion.

spool The moving part within the bidirectional control valve.
stroke The overall linear travel distance of a linear actuator.

swash plate Part of the axial piston pump; when the angle of the swash plate is
changed, the flow from the pump is changed.

vane pump A hydraulic pump that uses an offset rotor with retractable vanes.

variable-displacement pump A hydraulic pump that can be adjusted to change the
flow while keeping the speed of rotation constant.

vane motor A device that creates rotary motion from pneumatic or hydraulic pres-
sure. The construction is similar to a vane pump.

EXERCISES
Section 10.1

1. Describe the operating principles of a leadscrew linear actuator and give the
advantages/disadvantages of an electric leadscrew actuator compared with a
hydraulic linear actuator.

2. The characteristics of an electric linear actuator are given in Figure 10.4. If this
actuator were lifting a 200-1b load, how long would it take to lift the load 6 in.?

3. The characteristics of an electric linear actuator are given in Figure 10.4. If this
actuator were lifting a 800-1b load, how long would it take to lift the load 12 in.?

4. A 400-Ib load needs to be lifted 7 in. in 5 s. Can the actuator described by Figure
10.4 do the job?

5. A solenoid application requires a stroke of 1 in. with at least 4 oz of force through
the entire stroke. Select a solenoid that will do this job from the list given in Table
10.1. Coil voltage is to be 24 Vdc, intermittent duty.
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6.

A solenoid application requires a stroke of % inch with a starting force of at least 15
oz. Select a solenoid that will do this job from the list given in Table 10.1. Coil
voltage is to be 120 Vac, continuous duty.

Section 10.2

7.

8.

9.

10.

11.

12.

13.

14.

15.

Calculate the force delivered by a 4-in. diameter hydraulic cylinder with a fluid
pressure of 500 psi.

Calculate the force delivered by a 2-in. diameter hydraulic cylinder with a fluid
pressure of 1000 psi.

Calculate the force delivered by a 10-cm diameter hydraulic cylinder with a fluid
pressure of 3500 kPa.

Calculate the force delivered by a 6-cm diameter hydraulic cylinder with a fluid
pressure of 7000 kPa.

A hydraulic system is operating with a pressure of 200 psi and is required to lift a
load of 1400 1b. Find the cylinder diameter required (to the nearest /% inch).

A hydraulic jack has the same diagram as Figure 10.12, where the small piston has
a diameter of 0.5 in. and the large piston has a diameter of 3 in. Find the output
force (from the large piston) when the input force is 10 Ib.

A hydraulic jack has the same diagram as Figure 10.12, where the small piston has
a diameter of 0.35 in. and the large piston has a diameter of 4 in. Find the output
force (from the large piston) when the input force is 10 Ib.

A hydraulic jack has the same diagram as Figure 10.12, where the small piston has
a diameter of 1 cm and the large piston has a diameter of 8 cm. Find the output
force (from the large piston) when the input force is 45 N.

Draw a diagram of a complete hydraulic system, from tank to actuator, and iden-
tify each system component.

Section 10.3

16.

17.

18.

19.

20.

21.

22.

Explain why a pneumatic system can be described as springy when compared with
a hydraulic system.

Calculate the force delivered by a 1-in. diameter pneumatic cylinder with an air
pressure of 100 psi.

A pneumatic system uses air pressure at 50 psi. What diameter cylinder would be
required to provide a force of 75 1b?

A pneumatic system uses air pressure at 75 psi. What diameter cylinder would be
required to provide a force of 50 1b?

A pneumatic system uses air pressure at 500 kPa. What diameter cylinder would
be required to provide a force of 200 N?

A spring-loaded, single-action pneumatic cylinder has a diameter of 1.5 in. and a
stroke of 4 in. The return spring has a spring constant of 3 Ib/in. The available air
pressure is 20 psi. What force will this cylinder exert at the end of its stroke?
Draw a diagram of a complete pneumatic system, from the intake filter to the actu-
ator, and identify each of the system components.
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Feedback Control Principles

OBJECTIVES

After studying this chapter, you should be able to:

e Understand the terms and operation of a closed-loop control-system block
diagram.

* Describe the basic operation of on-off control systems.

* Understand the concept and operation of a proportional control system
(including bias) and calculate the error and controller output, given the sys-
tem gain and inputs.

e Understand the concept of dead band and calculate the dead-band range for
a proportional control system.

* Understand the concept and characteristics of integral control.

* Understand the concept and characteristics of derivative control.

* Understand the concepts and characteristics of PID control.

 Explain the circuit operation of an analog controller.

* Explain the principles of operation of a digital controller, including pro-
gramming concepts and sample rate.

* Understand the concept of stability and interpret a Bode plot.

* Implement two methods of tuning a process control system.

* Explain the principles of operation and applications of fuzzy logic controllers.

INTRODUCTION

Broadly speaking, control systems can be classified into two groups: open-loop and
closed-loop. In an open-loop system [Figure 11.1(a)], no feedback is used, so the con-
troller must independently determine what signal to send to the actuator. The trouble
with this approach is that the controller never actually knows if the actuator did what
it was supposed to do.

453
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Figure 11.1
Open- and closed-
loop systems.
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In a closed-loop system, also known as a feedback control system, the output of
the process is constantly monitored by a sensor [Figure 11.1(b)]. The sensor samples
the system output and passes this information back to the controller. Because the con-
troller knows what the system is actually doing, it can make any adjustments necessary
to keep the output where it belongs. This self-correcting feature of closed-loop control
makes it preferable over open-loop control in many applications. In this chapter, we
deal with the principles and hardware of closed-loop controllers.

Clearly, the “heart” of the control system is the controller, an analog or digital cir-
cuit that accepts data from the sensors, makes a decision, and sends the appropriate
commands to the actuator. In general, the controller is trying to keep the controlled
variable—such as temperature, liquid level, position, or velocity—at a certain value
called the set point (SP). A feedback control system does this by looking at the error
(E) signal, which is the difference between where the controlled variable is and where
it should be. Based on the error signal, the controller decides the magnitude and the
direction of the signal to the actuator.

Figure 11.2 shows block diagrams of the two major classifications of feedback con-
trol systems: process control and servomechanisms.” For a process control system
[Figure 11.2(a)], the job of the controller is to maintain a stationary set point despite
disturbances—for example, maintaining a constant temperature in an oven whether the
door is opened or closed. Often, in a process control system, the set point is established
by another controller acting in a supervisory role. In a servomechanism [Figure
11.2(b)], the job of the controller is to have the controlled variable track a moving set
point—for example, moving a robot arm from one position to another.

*A word about terminology: Many different terms to describe the blocks and signals in Figure 11.2
are found in the literature. The terms selected for this text are a combination of the traditional and the
modern.
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Figure 11.2
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(b) Servomechanism (robot arm)

Engineers approach the problem of designing a controller for a servomechanism
differently than they would for an industrial process control system. For a servomech-
anism such as a robot, the transfer functions of the individual system components are
usually known or can be calculated. For example, the transfer functions of motors and
sensors are usually provided by the manufacturer. The transfer function of mechanical
components can be calculated based on the laws of physics (for example, moment of
inertia) and empirical data. The response of the servomechanism can be modeled using
higher mathematics, and the precise characteristics of the controller are then determined.
On the other hand, for a large process control system, so many factors affect the sys-
tem performance that engineers take a more empirical approach. This means that they
use a general-purpose controller, and then tune it to meet the specifications of a partic-
ular system.

A new and increasingly important type of control is called fuzzy logic control. The
fuzzy logic controller (Section 11.8) does not use mathematical models but mimics the
skill and experience of a human operator.
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Figure 11.3
Transient
response.

11.1 PERFORMANCE CRITERIA

Performance criteria are various measurable parameters that indicate how good (or bad)
the control system is. These are divided into transient (moving) and steady-state (not
changing) parameters.

The exact path the controlled variable takes when going from one position to the
next is called its transient response. Consider the behavior of the robot arm whose
response is shown in Figure 11.3; it is directed to move from 0 to 30°, as shown by
the dashed line. This type of command (changing instantaneously from one position
to another) is called a step change. The actual response of the system is shown as a
solid line. As you can see, there is a difference between the ideal path of the arm and
the one it took. One major consideration is how fast the system picks up speed (called
rise time). The real arm simply cannot move fast enough to follow the ideal path.
Rise time (7) is usually defined as the time it takes for the controlled variable to go
from 10 to 90% of the way to its new position. Another transient parameter is over-
shoot. Once the arm starts moving, its momentum will keep it going right on past
where it was supposed to stop. Overshoot can be reduced by the controller but usu-
ally at the expense of a longer rise time. Settling time (7)) refers to the time it takes
for the response to settle down to within some small percentage (typically 2-5%) of its
final value. In this case, it is the time it takes for the oscillations to die out. Rise time,
settling time, and overshoot are all related; a change in one will cause a change in the
others.

The steady-state error (E) of the system is simply the final position error, which
is the difference between where the controlled variable is and where it should be. In
Figure 11.3, Egg is shown as the position error after the oscillations have died out. This
error is the result of friction, loading, and feedback-sensor accuracy. A sophisticated
controller can reduce steady-state error to practically zero.

==== |deal
Actual

Position (deg)
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Figure 11.4
Temperature curve
of a two-point
heating system.

11.2 ON-OFF CONTROLLERS

Two-Point Control

Two-point control (also called on—off control) is the simplest type of closed-loop
control strategy. The actuator can push the controlled variable with only full force or
no force. When the actuator is off, the controlled variable settles back to some rest
state. A good example of two-point control is a thermostatically controlled heating
system. Consider a house sitting for a long time with the heat turned off and an out-
side temperature of 50°F. Eventually, the inside temperature would drop to 50°. This
is its rest-state temperature. Now suppose the heat is turned on and the thermostat is
set for an average temperature of 70°. As Figure 11.4(a) shows, the inside tempera-
ture begins to climb, rapidly at first, and then more slowly (as the heat losses
increase). When the temperature reaches the 72° cutoff point, the furnace shuts down.
The house temperature immediately starts to decline toward its rest state of 50°; but
long before it gets there, it reaches the cut-on point of 68°, and the furnace comes
back on. Notice that the temperature curve is like a charging and discharging capac-
itor. A larger furnace would steepen the “charging” curve, and a larger house (or
poorer insulation) would steepen the “discharging” curve (because the inside tem-
perature would fall more quickly). Notice there is a cycle time (T associated with
two-point control. This cycle time is affected by the capacity of the furnace and the
house, as well as the temperature difference between the cut-on and cut-off points. If
the limits were moved closer together—say, 69° and 71°, the temperature would be
maintained closer to 70°, but the cycle frequency would increase, as illustrated in
Figure 11.4(b). Generally, a high cycle rate is undesirable because of wear on motors
and switches. Consequently, two-point control has only limited applications, mostly
on slow-moving systems where it is acceptable for the controlled variable to move
back-and-forth between the two limit points.

OF OF
Cut-off temperature

80 80 Tove

C |‘_ 7zzyc_’| C |<—>|y
70 70F
60 F / 60

= Cut-on temperature -
50 & 505

Time Time

(a) Cut-on = 68°; cut-off = 72° (b) Cut-on = 69°; cut-off = 71°
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Figure 11.5
Example of a
three-position
control.

Three-Position Control

Three-position control is similar to two-point control, except in this case the controller
has three states, such as forward—off—reverse, (or up—off—down, hot—off—cold, and so on).
This strategy would be used in a system that has no particular self-seeking rest state.
For example, consider the case of a floating oil-drilling platform that needs to stay over
the wellhead on the ocean bottom, as illustrated in Figure 11.5(a). The platform must
not drift more than 5 ft away from the center, or the pipe may break. Two motors, A
and B, are used to keep the platform centered on the east-west axis (the north-south axis
would be handled with other motors). If the platform drifts more than 5 ft east, motor
A comes on and drives it back toward the center. Motor B will come on if the platform
drifts more than 5 ft west. Figure 11.5(b) shows an example of the platform’s east-west
movement. Notice that the controlled variable (platform position) will tend to oscillate
back-and-forth across the center because the motor size selected was based on worst-
case conditions (strong winds). In calm weather, a brief on-period of motor A may give
the platform enough momentum to drift completely across the dead zone, only to be
pushed back by motor B. In fact, if the system is not designed properly, the back-and-
forth oscillations could get bigger and bigger, in which case the system has gone unsta-

M
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A [l B W -5

- ' I Motor A 1 .
"G D" Motor B N on
ON
~— Pipe
(a) Floating platform (b) Typical operation
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0 0
W—5 W—5 Wind
Motor A |__Tonl [Ton 1 MotorA | | ON
Motor B [onl [Ton 1 Motor B |_(off)

(c) Dead calm (motor too strong) (d) High wind (motor too weak)
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ble [Figure 11.5(c)]. On the other hand, if the wind is too strong for the motor, the plat-
form will be driven outside the 5 ft limit, and the pipe will break [Figure 11.5(d)].
Three-position control is a simple control strategy that is appropriate for a limited num-
ber of applications, such as the one given.

11.3 PROPORTIONAL CONTROL

We now consider more sophisticated control strategies that require “smart” controllers
that use op-amps or a microprocessor. The first and most basic of these strategies is
called proportional control. With proportional control, the actuator applies a correc-
tive force that is proportional to the amount of error, as expressed in Equation 11.1:

Output, = K,E (11.1)
where
Output, = controller output due to proportional control (i.e., the corrective force)
K, = proportional constant for the system called gain
E = error, the difference between where the controlled variable should be

and where it is

Consider the position control system shown in Figure 11.6. A robot arm is pow-
ered by a motor/gearhead. A potentiometer provides position information, which is fed
back to a comparator. This feedback signal is called the process variable (PV). The
comparator subtracts PV from the set point (SP) to determine the error (E) as expressed
in Equation 11.2.

E=8SP-PV (11.2)
where

E =error

SP = set point, a desired value of the controlled variable

PV = process variable, an actual value of the controlled variable

Referring to Equation 11.1, we see that the controller output is proportional to the
error. This output directs the motor to move in a direction to reduce the error. As the
position of the arm gets closer to the set point, the error diminishes, which causes the
motor current to diminish. At some point, the error (and current) will get so small that
the arm comes to a stop.

EXAMPLE 11.1

Assume that a motor driven arm was originally at 0° and then was directed to
move to a new position at 30°. The gain of the system is K, = 2 in. - oz/deg.
Describe how the controller responds to this situation.
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Figure 11. ,
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(b) Graphs showing response to change in set point

SOLUTION

The setup is shown in Figure 11.6. Originally, the arm is at rest at 0°. When
the set point is first changed to 30°, an error signal of 30° results (because
the arm is 30° away from where it should be):

Error = SP — PV =30° - 0° =30°
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Using Equation 11.1, we can calculate the initial restoring torque the system
would generate:

Output, = K,E = 2 in. - 0z/deg X 30° = 60 in. - 0z

This means that the motor would initially be directed to create a torque of 60
in. - 0z, causing the arm to rise rapidly. As the arm continues to rise, the con-
troller output to the motor falls [Figure 11.6(b)].

When the arm gets up to 10°,

Error = SP — PV =30° - 10° =20°
Output, = K,E =2 in. - 0z/deg X 20° =40 in. - 0z

The motor torque has now reduced to 40 in. - 0z, so the arm will slow down.
When the arm gets up to 25°,

Error = SP — PV =30° —25° =5°
Output, = K,E =2 in. - 0z/deg X 5° =10 in. - 0z

With a motor torque of only 10 in. - 0z, the arm is slowing way down.
Finally, when the arm reaches the new set point of 30°,

Error = SP — PV =30°-30°=0°
Output, = K,E =2 in. - 0z/deg X 0° = 0 in. - 0z

With the motor torque at 0 in. - 0z, the arm stops.

Having the correcting force be proportional to the error makes sense when you con-
sider the following argument. A large error implies there is a long way to go, and so
you want some speed to get there (which requires a large torque from the motor).
However, when the error is small, the arm should slow down (small torque) so as not
to overshoot. Also, note that the system is bidirectional in the sense that the torque will
always be applied in whatever direction is needed to reduce the error. For example, con-
sider again the system shown in Figure 11.6 (Example 11.1). When the arm was
directed to go to 30°, the controller outputted to the motor a signal corresponding to 60
in. - oz of torque. Later, if the motor were directed to return to 0°, a new negative error
would appear, causing a new (negative) motor torque to be generated:

Error = SP — PV =0° - 30° =-30°
Output, = K,E =2 in. - 0z/deg X -30° = -60 in. - 0z
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Figure 11.7
Proportional
control as
modeled with
a spring.

The negative sign of the output would result in a change in polarity of the applied volt-
age to the motor, which would cause it to run in the opposite direction. Thus, propor-
tional control is capable of driving the arm in either direction.

If you had the opportunity to experiment with the proportional control system
shown in Figure 11.6, you would notice that the arm has a springy feel. For example,
if you were to push down on the arm, you would feel a restoring force, as if you were
pressing on a spring. The more you displaced it, the more it would resist. What you are
actually feeling is the control system’s correcting force, where the resistance to move-
ment is proportional to the error (displacement). Figure 11.7 shows how we might
model this property for the motor of Example 11.1. Notice in the model that the arm is
a leaf spring attached to a locked shaft. If we try to push the arm down, the leaf spring
resists. The farther the arm is deflected, the greater the resistance force [Figure 11.7
(b)]. When the external force is removed, the arm is returned by the spring to the cen-
ter position. When we command the controller to move the arm to a new position (say,
30°), it is like causing the entire spring to rotate, so it is now at rest in a new position
and will resist being deflected from that point [Figure 11.7(c)].

The Steady-State-Error Problem

Proportional control is simple, makes sense, and is the basis of most control systems, but
it has one fundamental problem—steady-state error. In practical systems, proportional
control cannot drive the controlled variable to zero error because as the load gets close to
the desired position, the correcting force drops to near zero. This small force may not be
enough to overcome friction, and the load comes to a stop just short of the mark.
Friction, always present in mechanical systems, is a nonlinear force that opposes
the applied force. In fact, the load will not move at all until the friction force has been
overcome. Figure 11.8(a) shows another spring model of a proportional control system.
This time the load is sitting on a friction surface in the center of a frame to which it is
connected with two springs. Figure 11.8(b) shows what happens when the frame quickly
moves to the right. At first, the resulting push and pull from the springs drags the load
to the right. As the load approaches the new center position, the declining force from

Leaf spring o

(a) Locked at set point 0° (b) System resists (c) Locked at new
displacement set point 30°
from set point
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Figure 11.8
Friction causing
steady-state error
in a proportional
system.
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(c) Load is at rest in new position; friction keeps load from being centered

the springs is overcome by friction, and the load stops before it gets to the new set point
[Figure 11.7(c)]. The steady-state error is the distance between where the load stopped
and the new set point. This region on either side of the set point, where the restoring
force is incapable of precisely locating the controlled variable, is called the dead band
or dead zone. Other factors (besides friction) also contribute to the dead band, those
being, backlash, flexing of mechanical parts, and poor controller design.

EXAMPLE 11.2

A position control system has a gain K, of 2 in. - oz/deg and works against a
constant friction torque of 6 in. - oz. What is the size of the dead band?
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SOLUTION

To overcome the friction, the system must cause the motor to output 6 in. - 0z.
Because the input to the controller is the error signal, we need to find the value
of error that results in a controller output of 6 in. - oz. Starting with the basic
proportional equation (11.1),

Output, = K, E
Rearranging to solve for error,

e output,  6in-oz 30

K, " 2in- oz/deg N
With 3° error on each side of the set point, dead band = 6°.

One way to decrease the steady-state error due to friction is to increase the system
gain (K, in Equation 11.1), which could be done in the model of Figure 11.8 by using
stiffer springs. Consider the diagram in Figure 11.9. It shows the restoring force on the
load for two different system gains, K, and K. Notice in both cases that the restor-
ing force is proportional to the error. The force necessary to overcome friction is shown
as a dashed line. For the lower gain system, the error due to friction is shown as Ej.
The higher gain system, acting like a stiffer spring, does not have to deflect as far from
the set point to produce the force necessary to overcome friction. This system has less
steady-state error, shown as E,. It might seem reasonable to make the gain of every sys-
tem very high; however, high K, can lead to instability problems (oscillations).
Increasing K, independently without limit is not a sound control strategy.

Figure 11 .9. Higher-gain
The higher-gain system (Kpp)
system has less

steady-state error. Lower-gain

system (Kpg)

Force to
overcome
friction

Restoring force of system

£

<—EB

Distance from set point (i.e. Error)
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Figure 11.10
How gravity
causes an arm
to sag.

— 0° (unweighted position)
—

20

The Gravity Problem

Another source of steady-state error is the gravity problem, which occurs when a
constant external force is pushing on the controlled variable. Consider the robot arm
lifting a weight in Figure 11.10. The set point for the arm is 0°, but when the weight
is added, the arm sags. Its new position is where the restoring force of the system
just balances the weight, in this case 2 ft. - Ib. Herein is the paradox of the propor-
tional control concept. For the system to support the weight, there must be an error.
The reason? The proportional system only produces a restoring force when there is
an error and the weight requires a constant force to support it. Increasing the system
gain can reduce the error, but proportional control alone can never completely elim-
inate it.

EXAMPLE 11.3

Specify the system gain (K) required to position the robot arm to within 5°
of the set point (Figure 11.11). Total resistance from friction and gravity will
be less than 50 in. - 0z. The DC motor has a torque constant of 25 in. - 0z/A
with a 10 : 1 ratio gearbox built in. A 350° feedback pot is connected directly
to the arm shaft.

SOLUTION

To keep the error down to 5°, the system needs to supply at least 50 in. - oz of
restoring torque when the arm is 5° from the set point. This specifies the stiff-
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ness, or gain (K,), of the system and is shown in graph form in Figure 11.12.
To calculate the required value of K, start with Equation 11.1:

Output, = K, ,E

_output, 50in. - oz
E 5°

Kp

=10 in. - oz/deg

Thus, the controller must direct the motor to provide 10 in. - oz of torque for
each degree that the arm is away from the set point. However, a controller can-
not input degrees or output torque directly—the controller inputs and outputs
voltages and currents.

The motor by itself provides 25 in. - 0z/A of torque, but because it is
geared down by a factor of 10, the output shaft torque is

10 x 25 in. - 0z/A =250 in. - 0z/A

which is the steady-state motor/gearhead transfer function. Finally, the pot is
connected so that 10 V = 350°; thus,

10V
——=0.029 V/deg
350°

which is the pot transfer function. To arrive at the gain required of the con-
troller, multiply the system gain by the transfer functions:

10 in. - 1A 1d
Ky=— P2 8 _138ANV
deg 250in.-0z 0.029V
[ S — [
Controller K, Motor/gearhead Pot

Thus, the controller must act like a power amplifier that supplies 1.38 A to the
motor for each volt of input. For example, if we want to move the arm to the
30° position, we would input a voltage of

30°x0.029 V/deg =0.87 V
Assuming the arm had been at 0°, this command would cause an error signal of
0.87V-0V =087V

The 0.87 V error signal would be converted by the amplifier to

087V Xx138A/V=12A
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Figure 11.11
The control system
forE le 11.3.
of Exampe Set TF,,= 250 in. - 0z/deg
point Controller
+ TF=1.38A/V
10:1 Gear head
TFoo = 0.029 V/deg
This initial value of current would drive the motor/gearhead to produce a
torque of
250 in. - 0z/A X 1.2 A =300 in. - oz
Eventually, as the error decreased, so would the torque. When the arm gets to
25° (5° short of 30°), the torque has dropped to 50 in. - 0z, which (by design)
is just enough to overcome friction.
Bias
One way to deal with the gravity problem is to have the controller add in a constant
value (to its output) that is just sufficient to support the weight. This value is called the
Figure 11.12 ==
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Figure 11.13
Block diagram
of control system
with bias.

Controller

(bias signal supports weight)

0°

Position feedback

bias and is the same value that an open-loop system would give to the actuator. The
equation for a proportional control system with bias is

Output, = K, E + bias (11.3)

The bias value is considered to be another input to the controller, as shown in the
block diagram of Figure 11.13. A 2-1b weight places a constant torque of 2 ft - 1b on the
motor. A bias signal (corresponding to 2 ft - Ib) is added to the output of the controller
and provides the drive signal to support the weight. This system allows the error to go
to zero because the static load is being supported by the bias signal, not the proportional
part of the controller. However, the bias must be changed if the static load is changed.

Analog Proportional Controllers

An analog controller typically uses op-amps to provide the necessary gain and signal pro-
cessing. For example, consider the flow control system illustrated in Figure 11.14(a). The
controller’s job is to maintain the flow of a liquid through a pipe at 6 gal/min. This system
consists of (1) an electrically operated flow valve, (2) a flow sensor, and (3) the analog con-
troller. The flow valve is operated with a signal of 0-5 V, where 0 V corresponds to com-
pletely closed and 5 V is all the way open. The flow sensor provides an output signal of
0-5V, which correspond to 0-10 gal/min. The system is designed so that a sensor voltage
swing of 2.5 V (50% of its range) will cause the flow valve to swing from full off to full
on. Therefore, this system has what is called a 50% proportional band. This percent-type
specification can be translated into a gain factor (K,) by rearranging Equation 11.1:

Output, = K ,E
K, = output, _ 100% _s
E 50%

which is the proportional gain factor.
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Figure 11.14

An analog controller
for a proportional
system.
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(b) Circuit diagram of an analog controller

The analog controller circuit, shown in Figure 11.14(b), consists of three op-amps.
The first op-amp (U,) is acting as a differential amplifier with a gain of 1, subtracting
the sensor feedback signal from the set point to create the error voltage. To maintain a
flow rate of 6 gal/min, the set point must be 3 Vdc as calculated below using the flow-
sensor transfer function:

Set point = 6 gal/min X =3Vdc

10 gal/min
[ —

Flow-sensor

The output of U, (error signal) is fed into op-amp U,, a simple (inverting) summing-type
amplifier whose purpose is to provide the proportional gain (K ). To make the required
gain of 2, the ratio of R/Ri (20 k€/10 k€2) is set to 2. Notice that the pot R, can add a bias
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voltage to the error signal if necessary. The output of U, must be inverted to make the out-
put positive; this is done with Us, which is a simple inverting amplifier with unity gain.

11.4 INTEGRAL CONTROL

The introduction of integral control in a control system can reduce the steady-state
error to zero. Integral control creates a restoring force that is proportional to the sum of
all past errors multiplied by time, as expressed in Equation 11.4:

Output, = K K ,Y.(EA?) (11.4)

where
Output, = controller output due to integral control
K, = integral gain constant (sometimes expressed as 1/T))
Kp = proportional gain constant
Y(EAY) = sum of all past errors (multiplied by the time they existed)

For a constant value of error, the value of X.(EAf) will increase with time, causing the
restoring force to get larger and larger. Eventually, the restoring force will get large
enough to overcome friction and move the controlled variable in a direction to elimi-
nate the error.

An analogy showing the power of integral control is a person who sits down in a
comfortable chair to read a book. After a short time, the reader notices the dripping
sound of a leaky faucet (steady-state error). The first response of the reader is to do
nothing, but as time goes on the sink starts to fill up and spill over, which gets the
reader’s attention and he or she gets up and turns it off. The point is that the dripping
(error) was not increasing, but the effect of the steady error was increasing with time
until finally the reader (system) was motivated to do something about it.

EXAMPLE 114

Consider the case where a robot arm has a steady-state error position of 2°
due to friction; this error is shown on the graph in Figure 11.15(a). As time
elapses, the error remains at 2°. Figure 11.15(b) shows how the restoring
torque due to integral control increases with time. The magnitude of the
restoring torque at any point in time is proportional to the area under the error
curve. For example, after 2 s the area under the error curve is 4 deg - s (area
=2 deg X 2s), as illustrated in Figure 11.15(a). Assuming that K = 1in -
oz/deg and K, = 1/s, then KK, =1 in. - oz/deg - s, and the restoring torque
due to integral control alone is 4 in. - oz [Figure 11.15(b)]. After about 5 s,
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Figure 11.15
Graph showing
integral control
eliminating a
steady-state error
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(b) Output of integral controller

the restoring torque gets high enough to overcome friction and nudge the arm
the last 2° to remove the error. Once the error goes to zero, the area under the
curve stops growing, so the torque stops increasing; however, it remains at the
elevated level of 10 in. - oz. This last point is important because it allows the
gravity problem to be overcome as shown in Example 11.5.

EXAMPLE 11.5

The proportional feedback system of Example 11.3 (K, = 10 in. - 0z/deg) has
been modified to include integral feedback. The arm has been at rest (at the
30° position) when a weight is placed on the end of the arm, causing a down-
ward torque of 40 in. - oz [Figure 11.16(a)]. Describe how the control system
responds to the weight.

SOLUTION

The proportional gain of this system was determined to be 10 in. - oz/deg. As
the following calculation shows, 40 in. - oz of torque from the weight would
cause the arm to sag 4°:
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Output, = K, ,E

e Output, _ 40 in. - oz —4° sag
K, 10 in. - oz/deg
which is shown at time A in Figure 11.16 (b).
The proportional control initially provides the entire 40 in. - oz of restoring
force to support the arm, resulting in 4° of error. Because there is an error, how-
ever, integral control starts contributing to the restoring force. As time passes,
the area under the error curve increases, and the integral control provides more
and more of the 40 in. - 0z needed to support the weight, while the proportional
control provides less and less [shown as time B in Figure 11.16(b)]. Finally,
at time C, the integral control is providing the entire 40 in. - 0z, and the error
is zero. A new steady state has been reached.

Integral control response can easily be observed on industrial robots. When a
weight is placed on the arm, it will visibly sag and then restore itself to the original
position.

The integral constant K, has traditionally been designated 1/7; and referred to as
“repeats per minute” (or “repeats per second”). This is because (if K; = 1) the integral
contribution will increase by the amount of the proportional contribution every time
period. If K} =2, the integral contribution will increase by double the amount of the pro-
portional contribution every time period, and so on. You can see this happening in Figure
11.15. Recall that K, = 1" and K, = 1 and that the steady-state error is 2 degrees [as shown
in Figure 11.15(a)]. Therefore the contribution from proportional control alone would
be 2in -0z (K,E=1x2=2). Now look at Figure 11.15(b) and note that the integral
contribution does indeed go up by the same amount of 2 in - 0z each time period.

Although the addition of integral feedback eliminates the steady-state-error prob-
lem, it reduces the overall stability of the system. The problem occurs because integral
feedback tends to make the system overshoot, which may lead to oscillations. One
example of this problem is shown in the graphs of Figure 11.17. All mechanical sys-
tems have friction, and friction is nonlinear—that is, it takes more force to overcome
friction when the object is at rest than it does to keep an object moving (a phenomenon
often referred to as sticktion). At time = 0, the system in Figure 11.17 has just moved
to a new position and stopped, leaving a steady-state error. The restoring force is equal
to the contribution from proportional control plus the increasing force from the integral
control. For a while the object doesn’t move, but finally the combined restoring force
overcomes friction and the object “breaks loose.” Once moving, the friction force imme-

*Units have been omitted for simplicity.
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Figure 11.16

The system response
of proportional plus
integral control
(Example 11.5).
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diately drops so some force is “left over,” which goes to accelerating the object. This
may cause it to overshoot, and the whole process starts again from the other side.

The problem is that the proportional-integral system has no way (other than fric-
tion) to slow the object before it gets to the new set point. The system must overshoot
before any active braking will be applied. So, unfortunately, the addition of integral
feedback solves one problem, steady-state error, but it creates others: overshoot and
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Figure 11.17
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decreased stability. Also, the response of integral feedback is relatively slow because it
takes a while for the error - time area to build up.

11.5 DERIVATIVE CONTROL

One solution to the overshoot problem is to include derivative control. Derivative con-
trol “applies the brakes,” slowing the controlled variable just before it reaches its des-
tination. Mathematically, the contribution from derivative control is expressed in the

following equation:

AE
Output, = KDKPZ (11.5)
!
where

Output,, = controller output due to derivative control
K, = derivative gain constant (sometimes expressed T, unit is time)
K, = proportional gain constant

AA—f = error rate of change (slope of error curve)

Figure 11.18 shows how a position control system with derivative feedback
responds to a set-point change. Specifically, Figure 11.18(a) shows the actual and
desired position of the controlled variable, Figure 11.18(b) shows the position error
(E), and Figure 11.18(c) shows the derivative control output. Assume the controlled
variable is initially at 0°. Then at time A the set point moves rapidly to 30°. Because
of mechanical inertia, it takes time for the object to get up to speed. Notice that the
position error (E) is increasing (positive slope) during this time period (A to B).
Therefore, derivative control, which is proportional to error slope, will have a positive
output, which gives the object a boost, to help get it moving. As the controlled vari-
able closes in on the set-point value (B to C), the position error is decreasing (nega-
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Figure 11.18
Contribution of
derivative control,
showing boosting
and braking.
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tive slope), so derivative feedback applies a negative force that acts like a brake, help-
ing to slow the object.

For process control systems, where the set point is usually a fixed value, derivative
control helps the system respond more quickly to load changes. For example, consider
a controller that maintains a constant liquid level in a tank. If there is a rapid drop in
liquid level (positive-slope error curve), derivative control responds by opening the inlet
valve wider than proportional control alone would. Then, when the level is almost
restored to the set point and the error is decreasing (negative-slope error curve), deriv-
ative control helps shut off the valve.

From the discussions so far, you can see that derivative control improves system
performance in two ways. First, it provides an extra boost of force at the beginning of a
change to promote faster action; second, it provides for braking when the object is clos-
ing in on the new set point. This braking action not only helps reduce overshoot but
also tends to reduce steady-state error.

Naturally, the influence of derivative control on the system is proportional to K,
(in Equation 11.5); because derivative feedback improves overall system response, you
might think that K, should be as high as possible. However, like so many things in life,
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too much of a good thing sometimes brings problems. In this case, too much derivative
feedback will slow the system response and magnify any noise that may be present;
what is needed is a balance between too much and too little. In the next section, we will
describe methods to arrive at a numerical value for K. It is important to note that deriv-
ative control has no influence on the accuracy of the system, just the response time, so
it is never used by itself.

11.6 PROPORTIONAL + INTEGRAL +
DERIVATIVE CONTROL

Many control systems use a combination of the three types of feedback already dis-
cussed: Proportional + Integral + Derivative (PID) Control. The foundation of the sys-
tem is proportional control. Adding integral control provides a means to eliminate
steady-state error but may increase overshoot. Derivative control is good for getting
sluggish systems moving faster and reduces the tendency to overshoot. The response
of the PID system can be described by Equation 11.6, which simply adds together the
three components required:

AE
Output,, = K E + K, ,KpZ(EAt) +K DKPX (11.6)
t
Another form of this obtained by factoring out K, from each term, is

AE .
Outputyy, = K, [E -+ K, SEAr + K= (11.62%)

where

Output,,, = output of the PID controller
K, = proportional control gain
K, = integral control gain (often seen as 1/T))
K, = derivative control gain (often seen as 7))
E = error (deviation from the set point)
Y(EAr) = sum of all past errors (area under the error - time curve)
AE/At = rate of change of error (slope of the error curve)

*The traditional form of the PID equation is

1 dE
outputy, = K, [E + p. J' Edt + TDE]

I
Comparing this with Equation 11.6a, you can see that the integral symbol (J) is another way of saying
“the sum of” and the derivitive dE/dt means “change in E divided by change in #.”
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Figure 11.19
An analog PID
controller.

Analog PID Controllers

The controller that implements the PID equation (11.6a) can be either analog or digi-
tal, but virtually all new installations are digital. Figure 11.19 shows a straightforward
version of an analog PID controller that uses five differential amplifiers. The first dif-
ferential amplifier (U,) subtracts the feedback from the set point to produce the error
signal. Op-amps U,, U,, and U, are configured to be unit gain, integrator, and differ-
entiator amplifiers, respectively. They produce the values for the three terms within the
brackets in the PID equation 6.11(a). The final amplifier (Us) sums the three terms and
muliplies the sum by K, to produce the output. The capacitor C, on the integrator accu-
mulates the error in the form of charge, and the capacitor C, of the differentiator passes
only the change in error. The constants K, K|, and K, are selected by adjusting R, R,,
and R, respectively.

The circuit in Figure 11.19 can exactly implement the PID equation, but practical
considerations usually complicate the picture. For example, all real amplifiers have an
upper and lower limit at which points they become nonlinear. Large or rapidly chang-
ing error signals may cause either the integrator or differentiator amplifier to saturate.
Should that happen, its output will temporarily dominate the output signal and may
cause the system to go unstable.

One problem associated with the integrator is windup. This occurs when a system
is subjected to a large disturbance, and the proportional controller (or actuator) in its
attempt to correct the problem saturates “full on.” Because the system can’t provide as
much output as is really needed, the error condition lasts longer than it theoretically
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should, but all this time the integrator is accumulating. Consequently, when the error
is finally reduced, the large accumulated integral factor may cause the controlled vari-
able to overshoot. A solution to this problem is to have the integral control section dis-
connected when the system is saturated.

Another problem with integral control is that a true integrator will sum all the
error - time area (since the beginning of time). It has been demonstrated that a better
system results if the integrator slowly “forgets” the effects of errors from the distant
past. This can be done by allowing the charge to slowly leak off capacitor C; through
R (in Figure 11.19).

A problem that can occur with derivative control is as follows: In a real control sys-
tem, the set point is usually stepped up or down in discrete steps. A step change has an
infinitely positive slope, which will saturate the derivative function. A solution to this
problem is to base the derivative control on the feedback signal alone (PV) instead of
the error because the controlled variable (be it temperature, position, or the like) can
never actually change instantaneously, even if the set point does. The PID equation for
this modified system is

APV .
Outputyy, = Ky [ + K, E(EAN + K =] (11.7%)

where
Output,,;, = controller output
K, K, K, = gains for proportional, integral, and derivative
E = error (SP — PV)
PV = process variable (feedback from sensor)

A practical controller must account for various real-world problems such as those
just discussed, but typically the nature and extent of design modifications required are
not known until the actual system hardware is tested. Changing the characteristics of
the analog controller may require component changes and/or rewiring. A distinct advan-
tage of the digital controller, which we discuss next, is that its response is governed by
software, which is relatively easy to change, even at the last minute.

Digital PID Controllers

A PID digital controller is essentially a computer, most likely microprocessor-based.
The controller executes a program that performs the same series of operations over and

“The traditional form of Equation 11.7 is

1 %
Outputy,, = K[ E + - | Edr + Ty
1

where 1/T1 =K, and T,=K,
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Figure 11.20
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over again. First, the computer inputs values of set point (SP) and process variable (PV).
Then it uses these data to solve the system equation (11.6 or 11.7). Finally, it outputs
the result to the actuator or the actuator drive circuit. One distinct advantage of the dig-
ital system is that control strategies and parameter constants can be changed or fine-
tuned by simply modifying the software.

The following is a description of how the PID control equation (11.6a) could be
implemented with a microprocessor-based controller. The first term inside the brack-
ets of the PID equation is simply the error (E). Next comes the integral term K, 2.(EA?).
As has been discussed, this term represents the area under the error curve. Figure 11.20
shows a sample error versus time curve. The controller samples the error at regular inter-
vals of time (7). A reasonable approximation of the total area under the curve is the sum
of the rectangles, where the area of each rectangle is the product of 7 times the error E.
This can be expressed in equation form as follows:

KIZ(EAI)=KIE1T+ K, E,T+K,E,T (11.8)
where
K, =integral gain
E, =error at time 1
E. = error at time 2, and so on

2
T =time between the samples

Equation 11.8 is called a difference equation, and it is very easy for a computer to
evaluate. The program simply records the error value (E) at fixed intervals of T and
keeps a running total of the K,ET values. At any time, the integral term K, 2.(EAf) equals
this total. Figure 11.21 shows the flowchart for this segment of the program.

The third term of the PID equation is the derivative component. The derivative, or
rate of change, is actually the slope of the error curve. As shown in Figure 11.22, the
slope is a function of the two most recent error values and the sample time (7):

AE (E;-E)

Slope = —
P At T
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Figure 11.21
Flowchart to compute
the integral term
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Figure 11.22
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Equation 11.9 is another difference equation that is easily evaluated by the com-
puter. The program would subtract the value of the older error term (K, E,) from the
newer error term (K, E,) and then divide the difference by 7. Figure 11.23 shows the
flowchart for this segment of the program.

Having shown how the individual terms of the PID equation can be computed, we
can now put them together and present Figure 11.24, a flowchart of the entire program.
As you can see, the general format of the controller program is an endless loop. For each
pass through the loop (called an iteration or scan), four basic operations are performed:

1. Read in the set point (SP) and sensor data (PV).

2. Calculate the individual components of error, integral, and derivative and then sum
these.

3. Multiply the sum by K, to form the PID output.
4. Send the PID output to the actuator.
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Figure 11.23
Flowchart to compute
the derivative term
(Kp AE\AY).

Action

Time
for next
no sample?

yes

Input set point (SP).

Input process variable (PV).

Calculate error
(E=SP- PV).

Form (K,ET)

Wait until the next sample
period time

Read in and store set point

Read in and save actual
position

Calculate new integral term.

Get new error (E), multiply
by K to form new error
term (KpE ew)-

l

Subtract past error term
from new error term:
KDEnew - KDEoId

:

Divide difference by T.

Z/ = Z/"‘ K/ET
Form (KpE)

l

_ (KoE - KpEq)
D — f

l

KpEoa= KpE

l

Sum=E+ZX,+Ap

l

Outputpp = Kpx Sum

l

Send Outputpp
to actuator.

Figure 11.24
Flowchart for
computing the
PID equation.

Calculate new integral summation

component by adding the
previous summation to the
new integral term

Form new derivative term

Calculate derivative control
component

Save the current derivative
term to become the “old” for
next time

Sum the three components of
the PID equation

Calculate output

481



482 CHAPTER 11

Figure 11.25
Comparing a stable
system and an
unstable system.

Figure 11.26
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Stability

A stable system is one where the controlled variable will always settle out at or near
the set point. An unstable system is one where, under some conditions, the controlled
variable drifts away from the set point or breaks into oscillations that get larger and
larger until the system saturates on each side. Figure 11.25 shows the response of stable
and unstable systems. An unstable system is clearly not under control and may in fact be
dangerous if large machines are involved.

There are many examples of the “oscillating” kind of instability in everyday life.
Imagine holding a large wooden tray in your hands and trying to keep a golf ball (which
is rolling about on the tray) centered at a certain spot (Figure 11.26). If the ball is on the
right, you would lower the left side of the tray, but that causes the ball to roll past the
center; now lower the right side of the tray to bring it back, and the ball rolls past cen-
ter to the right, and so on. The ball ends up oscillating back-and-forth across the tray.

A primary reason control systems go into oscillation is because of phase lag caused
by dead time or backlash, the interval between when the correcting signal is sent and
when the system responds. Consider the case of driving at a moderate speed down a nar-
row lane. You would be making continuous, small back-and-forth adjustments to the steer-
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Figure 11.27

How system lag can
make the position of
the controlled variable
be in phase with the
controller output.

ing wheel in order to stay in the middle of the lane. Now imagine yourself driving down
the same road but in a car with a lot of backlash in the steering wheel—in other words,
there is half a turn of free play in the steering wheel before the car actually starts turning.
If the car starts to drift toward the right, you turn the steering wheel toward the left; with
all that free play, however, nothing happens initially, so you turn faster. Eventually, the
slack is taken up, but by this time you are turning the steering wheel so fast that the car
veers to the left, so you start frantically turning the wheel to the right, and so on.
Closed-loop control systems employ negative feedback, which means that the controller
is always pushing the system in the exact opposite direction of the error displacement. If the
controlled variable happens to be oscillating, then the controlling force should be lagging
by 180° because 180° is the opposite direction (for a rotational system). If there is any dead
time in the system, the controller’s response will lag even more than 180°. In other words, in
an oscillating system, lag time causes phase lag, but the amount of phase lag depends on
the frequency. For example, consider the case of a control system that is cycling at a fre-
quency of 1 cycle per minute. If there is a 1-s lag between the controller output and the
system response, then the delay is not very significant (as shown in Figure 11.27(a)).
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Figure 11.28
A Bode plot showing
stability considerations.

However, if the entire cycle time of the system is only 2 s, then a lag time of 1 s is very sig-
nificant because the delay adds another 180° of phase lag, making a total lag of 360°. As
Figure 11.27(b) shows, 360° lag is the same as being in phase, which means the system has
positive feedback.

Positive feedback occurs when the controller output is in phase with the motion
of the controlled variable so that, instead of applying a correcting force, the controller
is simply helping the controlled variable go in any direction it wants. It’s only a matter
of time before some disturbance will cause the controlled variable to be pushed off cen-
ter, and when it does, positive feedback will take over (if the system gain is at least 1)
and push the controlled object to the edge of its range. Therefore, to guarantee that a
system will be stable, the gain must be less than I for any oscillating frequency where
the lag causes an additional 180° of phase shift.

A Bode plot is a graph that can help determine if a system is stable or not. As
shown in Figure 11.28, the Bode plot is actually two curves sharing the same horizon-
tal axis, which is frequency (in radians/second). The top graph shows how the open-
loop gain varies with frequency, and the lower graph shows how the phase lag varies
with frequency. The curves shown in Figure 11.28 are fairly typical in shape. We can
see that the system represented by the Bode plot of Figure 11.28 is stable because, when
the phase lag is 180°, the gain is less than 1 (0.3 to be exact). Two terms quantify the
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stability of a system: the gain margin and the phase margin. The gain margin is the
gain safety margin (the difference between the actual gain and unity) taken at the fre-
quency that causes 180° of phase shift. For the system shown in Figure 11.28, the gain
margin is 0.7 (1 — 0.3 = 0.7). The phase margin is the phase safety margin taken at the
frequency that causes a gain of 1. For the system shown in Figure 11.28, the phase mar-
gin is 70° (180° — 110° = 70°).

Tuning the PID Controller

The method of arriving at numerical values for the constants K, K, and K, depends on
the application. Traditionally, PID control was applied to process control systems.
However, with the advent of small, fast, off-the-shelf PID modules, PID control is being
applied to position control systems (such as robots) as well. In either case, a practical
step-by-step procedure can be used to arrive at the PID constants. First, the constants
K, K, and K, are set to initial values, and the controller is connected to the system. The
system could consist of the actual hardware or a computer simulation of same. Then
the system is operated, and the response is observed. Based on the response, adjust-
ments are made to K, K, and K, and the system is operated again. This iterative process
of adjusting each constant in an orderly manner until the desired system response is
achieved is called tuning. To make the system stable under all conditions, certain mod-
ifications may be necessary to the basic PID equation. Although many methods of tun-
ing PID controllers exist, two of the most common were developed by Zieler and
Nichols and are called the continuous-cycle method and the reaction-curve method.

The continuous-cycle method (closed-loop method) can be used when harm isn’t
done if the system goes into oscillation. This method will yield a system with a quick
response, which means a step-function input will cause a slight overshoot that settles
out very quickly [Figure 11.29(b)]. The tuning procedure is as follows:

I. SetK,=1, K,=0, and K, = 0 and connect the controller to the system.

2. Using manual control, adjust the system until it is operating in the middle of its
range. Then increase the proportional gain (K ) while forcing small disturbances to
the set point (or the process) until the system oscillates with a constant amplitude,
as shown in Figure 11.29(a). Record the K, and T . for this condition.

3. Based on the values of K’ and T from step 2, calculate the initial settings of K,
K, and K ;" as follows:

(11.10)

(11.11)

*K, is often expressed as 17, and K, is sometimes expressed as /.
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Figure 11.29
Waveforms for the
continuous-cycle
method.
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(11.12)

4. Using the settings from step 3, operate the system, note the response, and make

EXAMPLE 11.6

SOLUTION

From the response graph, we see that the period of oscillation is about 0.7 s.
Therefore, T,.= 0.7 s, and we can calculate the parameters K, K, and K, using
Equations 11.10, 11.11, and 11.12, respectively:

K,=0.6K;, =0.6x4=24

2 2
K,=—=—--209/s

T. 0.7s

TC=0.7 S

K =2-0.09s
b-g 3

adjustments as called for. Increasing K, will produce a stiffer and quicker response,
increasing K, will reduce the time it takes to settle out to zero error, and increasing
K, will decrease overshoot. Of course, K, K, and K, do not act independently, so
changing one constant will have an effect across the board on system response.
Tuning the system is an iterative process of making smaller and smaller adjustments
until the desired response is achieved [see Figure 11.29(b)].

A control system is to be tuned using the continuous-cycle method. Initial set-
tings were K, = 1, K, =0, and K, = 0. By experiment it was found that the
system first went into constant amplitude oscillations when K, = 4. Figure
11.30 shows the system response during the experiment. Determine a first-cut
set of values for K, K, and K.
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Figure 11.30
Output of a test system
(Example 11.6).

Figure 11.31

Test setup and waveform
for the reaction-curve
method.
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The reaction-curve method (open-loop method) is another way of determining
initial settings of the PID parameters. This method does not require driving the system
to oscillation. Instead, the feedback loop is opened, and the controller is manually
directed to output a small step function to the actuator. The system response, as reported
by the sensor, is used to calculate K, K, and K,,. Note that the actuator, the process
itself, and the sensor are operational in this test, so their individual characteristics are
accounted for. Because the loop is open, this procedure will work only for systems that
are inherently stable.

One test possibility is shown in Figure 11.31(a). Here the loop was opened by plac-
ing the controller in the manual mode, then a small step function was manually intro-
duced. This signal caused the controlled variable to move sli